
  



 

EMERGING TRENDS IN BASIC AND APPLIED SCIENCES 

 

 

 

 

 

Editors 

Dr. Sharadrao A. Vanalakar  

Department of Physics 

Dr. Sagar A. Vhanalakar 

Department of Zoology 

Shri Mouni Vidyapeeth’s  

Karmaveer Hire Arts, Science, Commerce and Education College, 

Gargoti, Kolhapur, Maharashtra, India 

 

 

 

 

 
Bhumi Publishing 

Nigave Khalasa, Kolhapur 416207, Maharashtra, INDIA 

 

2015 

 



 

 

 

 

 

 

 

 

 
First Edition: 2015 

  ISBN: 978-93-5212-826-6 

              

 

 Copyright reserved by the editors 

Publication, Distribution and Promotion Rights reserved by Bhumi Publishing, Nigave Khalasa, Kolhapur. 

Despite every effort, there may still be chances for some errors and omissions to have crept in inadvertently.  

No part of this publication may be reproduced in any form or by any means, electronically, mechanically, by 

photocopying, recording or otherwise, without the prior permission of the publishers. 

The views and results expressed in various articles are those of the authors and not of editor or publisher of the 

book. 

Published by:  

Bhumi Publishing,  

Nigave Khalasa, Kolhapur 416207, Maharashtra, India 

E-mail: bhumipublishing@gmail.com  

Printed at: 

Bhumi Imaging,  

Nigave Khalasa, Kolhapur 416207, Maharashtra, India 

Price: 

   400/-(Rupees Four Hundred) only 

 

 

 

mailto:bhumipublishing@gmail.com


CONTENTS 

Chapter 1  

Variation in zonal drift velocity of equatorial plasma bubbles (epbs) over kolhapur (16.80n, 

74.20e; 10.60n dip lat.)   

A. K. Sharma, O. B. Gurav, S. Gurubaran, G. A. Chavan, D. P. Nade, H. P. Gaikwad, R. N. 

Ghodpage, P. T. Patil and S. S. Nikte  

Chapter 2 

Investigation on anatase TiO2hin film synthesized by dip coating technique  

T. S. Bhat, S. D. Korade, J. H. Kim and P. S. Patil 

Chapter 3 

Synthesis of vanadium oxide (v2o5) thin film electrode by simple successive ionic layer 

adsorption and reaction (silar) method for supercapacitor 

M. S. Pawar, M. A. Sutar, K. I. Maddani and s. G. Kandalkar 

Chapter 4 

Non-linear i-v behaviour and thermo-emf in amorphous semiconducting se-te-in system 

A. B. Gadkari, S. S. Giri, M. R. Shedam and A. A. Wali 

Chapter 5 

Xrd and domain behaviour in coxmg1-x fe2o4 ferrites 

S. M. Kadam 

Chapter 6 

Nano structured vanadium oxide (v2o5) thin film electrode for super capacitor application 

M. A. Sutar, M. S. Pawar, M. K. Rendale and S. G. Kandalkar 

Chapter 7 

Preparation and characterizations of magnesium ferrite nanomaterial by oxalate co-

precipitation method 

Rakesh M. Shedam,  Ashok B. Gadkari and Mahadev R. Shedam 

Chapter 8 

Cds sensitized zno thin films for solar cell applications: a short review  

Sharadrao A. Vanalakar, Pramod S. Patil and Jin H. Kim 

 



Chapter 9 

Design of lc component in a single ended scr resonant converter using fuzzy logic 

 P. P. Shah 

Chapter 10 

Photocatalytic degradation of rhodamine b by nickel substituted copper ferrite 

nanopartical synthesized by sol-gel autocombustion method 

K. R. Sanadi 

Chapter 11 

Potential applications of mxoy/tio2 nanocomposites for gas sensing: a review 

S. M. Patil 

Chapter 12 

Impact of fertilizers on emission of gases in green house farming and its significance on 

global warming 

S. V. Pore 

Chapter 13 

Biocatalysed knoevenagel condensation reaction in aqueous medium: a green protocol  

U. B. Chougale, P. R. Kharade, D. B. Mohite AND S. R. Dhongade 

Chapter 14 

Synthesis and characterizations of cobalt zinc ferrite nanomaterial  by co-precipitation 

method 

 Rohit R. Powar, P. B. Piste, A. B. Gadkari and D. N. Zambare 

Chapter 15 

Kinetics and mechanism of reduction of enneamolybdomanganate (iv) by d- glucose in 

aqueous perchloric acid medium 

V. M. Gurame, S. G. Jadhav, S. R. Kulal, S. N. Zende and G. S. Gokavi 

Chapter 16 

Wet steam and lemon containing acids- stain removers 

Rajaram G. Chougale      

Chapter 17 

Effect of green harvest on fertility of soil 

Sanjay V. Pore  

 



Chapter 18 

Low temperature synthesis of zno nanostructures and their photocatalytic performance 

R. B. Chopade, G. G. Chougale and Rahul Patil 

Chapter 19 

Mineralogy and genesis of laterites and bauxites of shahuwadi taluk of kolhapur district, 

maharashtra state (india): a review 

J. V. Khanapurkar and R. A. Suryawanshi 

Chapter 20 

MHD BOUNDARY LAYER FLOW POWER LAW FLUID PAST A CONTINUOUSLY MOVING POROUS FLAT PLATE 

Bharat P. Jadhav 

Chapter 21 

MODULAR ARITHMETIC AND C DATA TYPES: SIGNED INTEGRALS  

S. P. Patankar, S. P. Thorat, R. Y. Patil, A. S. Athanikar and M. A. Jadhav 

Chapter 22 

A RELATIVE MAXIMAL IDEALS  

S. S. Khopade and Y. S. Pawar 

Chapter 23 

A STUDY OF FERROFLUID SPACE – TIME ADMITTING CONFORMAL MOTIONS 

H. T. Dinde 

Chapter 24 

UMP – TEST FOR MODERATE DISTRIBUTION USING MONOTONE LIKELIHOOD RATIO 

 Mayur V. Savasani and Jinal N. Shah 

Chapter 25 

USE OF SPREAD SHEET IN .NET 

Rajendra D. Budake 

Chapter 26 

WIRELESS SENSOR NETWORK FOR AGRICULTURAL ENVIRONMENT TO CONTROL THE DRIP IRRIGATION 

Dnyaneshwar N. Wavhal and Sneha A. Ghumatkar 

Chapter 27 

BIG DATA AND HADOOP –A REVIEW 

Guljar Mulla and H. T. Dinde 



Chapter 28 

A CRITICAL STUDY OF ICT INCLUDING IN REVISED B. ED. SYLLABUS 

Ravasaheb K. Shelake  

Chapter 29 

ASSOCIATION RULE MINING IN LEARNING MANAGEMENT SYSTEM 

Radhika M. Patil, H. T. Dinde and Nita N. Bargale 

Chapter 30 

REVIEW OF RANKING TECHNIQUES IN DATA ENVELOPE ANALYSIS 

Rupali D. Patil and H. T. Dinde 

Chapter 31 

SKIN TONE BASED IMAGE STEGANOGRAPHY 

Sonali K. Powar and H. T. Dinde 

Chapter 32 

SMARTPHONE ENABLED CONNECTED VEHICLES: THE WAY TO INTELLIGENT MOBILITY 

Swapnali M. Kumbhar and H. T. Dinde 

Chapter 33 

ANALYZING THE DATA USING DATA MINING- A REVIEW 

Vandana Patil  and H. T. Dinde 

Chapter 34 

MOBILE COMPUTING IN E-COMMERCE:  ISSUES AND CHALLENGES 

Amit S. Babar, Deepak K. Davari and Abhijit V. Patil  

Chapter 35 

MODULAR ARITHMETIC AND C DATA TYPES: SIGNED INTEGRALS 

S. P. Patankar, S. P. Thorat, K. P. Gidde and M. A. Jadhav 

Chapter 36 

USER-FRIENDLY MICROGASIFIER: SOLUTION FOR REDUCING INDOOR AIR POLLUTION IN RURAL KITCHENS 

Sanjay K. Babar and Priyadarshini Karve 

Chapter 37 

A REVIEW ON DESIGN OF CHAIN CONVEYOR SYSTEM AND STUDY OF STRESS DISTRIBUTION OF THE CHAIN LINK 

BY MEANS OF FINITE ELEMENT METHODS 

Kumar D. Kolhe and Hreday Mishra  

 



PREFACE 

We are delighted to write about our second book entitled "Emerging Trends in Basic and 

Applied Sciences". This book is the compilation of esteemed articles of acknowledged experts in 

the various fields of basic and applied science providing a sufficient depth of the subject to satisfy 

the need of a level which will be comprehensive and interesting. It is an assemblage of up to date 

information of rapid advances and developments taking place in the field of science. With its 

application oriented and interdisciplinary approach, we hope that the students, teachers, 

researchers, scientists and policy makers in India and abroad will find this book much more 

useful.  

The articles in the book have been contributed by eminent scientists, academicians. We 

express our sincere gratitude to Hon. Satej alias Bunty D. Patil, President, Shri Mouni 

Vidyapeeth, Gargoti, Kolhapur who has been source of constant inspiration. We are especially 

thankful to Prof. Dr. D. V. Muley, Registrar, Shivaji University, Kolhapur and Prof. Dr. 

Pramod S. Patil, Coordinator, School of Nanoscience and Technology, Shivaji University, 

Kolhapur for the encouragement. We thank our publisher Bhumi Publishing, Nigave Khalasa for 

taking pains in bringing out the book. Our special thanks and appreciation goes to experts and 

research workers whose contributions have enriched this book.   

Finally, we will always remain a debtor to all our well-wishers for their blessings, without 

which this book would not have come into existence. 

  

Dr. Sharadrao A. Vanalakar 

Dr. Sagar A. Vhanalakar 

 

 

 

 

 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 1 
 

CHAPTER 

1 
 

EMERGING TRENDS 

IN BASIC AND 

APPLIED SCIENCES 

 

ISBN:   

978-93-5212-826-6 

 

 

VARIATION IN ZONAL DRIFT VELOCITY OF EQUATORIAL PLASMA 

BUBBLES (EPBs) OVER KOLHAPUR (16.8 0N, 74.2 0E; 10.6 0N Dip Lat.) 

A. K. Sharma1@, O. B. Gurav1, S. Gurubaran2, G. A. Chavan1, D. P. Nade3, H. P. 

Gaikwad1, R. N. Ghodpage4, P. T. Patil4 and S. S. Nikte5  

1Space and Earth Science Laboratory, Department of Physics, Shivaji University, Kolhapur, India 

2Indian Institute of Geomagnetism, New Panvel, Navi Mumbai, India 

3Department of Basic Sciences and Humanities, Sanjay Ghodawat Group of Institutions, Atigre, India 

4Medium Frequency Radar, Indian Institute of Geomagnetism, Shivaji University Campus, Kolhapur, 

5Department of Basic Sciences and Humanities, Vishveshwarya Technical Campus Patgaon-Miraj 

@Corresponding Author E-mail: aks_phy@unishivaji.ac.in   

 

 

ABSTRACT 

 This paper reports about the variation in zonal drift velocity of Equatorial Plasma Bubbles (EPBs) 

using observations of nightglow OI 630.0 nm emissions from Kolhapur (16.80N, 74.20E; 10.60N dip lat). These 

observations have been made using All Sky Imager (ASI) during clear moonless nights for the period of 

January 2012 to March 2012. A high resolution CCD based ASI has been installed at Shivaji University, 

Kolhapur (S.U.K) under scientific collaboration with Indian Institute of Geomagnetism (I.I.G.), Navi Mumbai to 

study the ionospheric irregularities. Herein, we report the calculated zonal drift velocity of EPBs for above 

mentioned period. The average zonal drift velocities were found to be 145 m/s, 150 m/s and 160 m/s for the 

month of January, February and March 2012 respectively. The zonal drift velocity increases during pre-

midnight period and decreases further to remaining course of night. We also present here the variation in 

zonal velocity and possible cause of its increase during pre-midnight period. 

KEYWORDS: Ionospheric irregularities, All Sky Imager, Equatorial Plasma Bubbles (EPBs). 
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INTRODUCTION 

In the earth’s middle atmosphere, the region consisting of a number of ions is called ionosphere. This 

region starts from an altitude of about 60 km. In 1924, first time, radio scientist Edward V. Appleton and M. A. 

F. Barnett introduced the ionosphere. In the ionosphere, plasma irregularities are direct manifestations of the 

electrodynamics coupling that govern the ionosphere-thermosphere system over the equatorial region.

 The plasma irregularity can be described by one of the most spectacular phenomenon called 

Equatorial Plasma Bubbles (EPBs). Ionospheric F-region is very important for communication and navigation 

system. Therefore, it is very much essential to understand its dynamics. 

Dark patches in optical data are observed due to low electron density as compared to the background 

density of the ionosphere; these dark patches are the manifestation of plasma irregularities and are known as 

EPBs. These EPBs are generated in the bottom side of F region. When radio waves pass through EPBs, they 

get disturbed and therefore error occurs in communications. Thus, it is of scientific interest to study the 

occurrence, morphology and generation of EPBs and their dynamics. Based on numerous ground based and 

in-situ studies, it is widely accepted that the nightglow OI 630.0 nm emission generates at low latitude F 

region (250–300 km). In images of OI 630.0 nm the dark patches are the signatures of EPBs, these images 

have been recorded by All Sky Imager (ASI) from Kolhapur. The EPBs are generally aligned along 

geomagnetic field lines and move towards eastward throughout the night (Mukherjee and Shetti 2008). 

In India, few investigators have been using All Sky Imager (ASI) for OI 630.0 nm emission to study 

the onset, evolution and dynamics of EPBs. The first nightglow observations of OI 630.0 nm emissions from 

Kolhapur were carried out by Mukharjee et al. (1998). Many researchers have reported the signature of EPBs 

in images of OI 630.0 nm (Rajesh et al., 2010 and Sharma et al., 2014). Nade et al. (2013) reported zonal drift 

velocity of EPBs using images of nightglow OI 630.0 nm from Kolhapur. The dimensions and the circulation 

path of the EPBs were first time studied by Mukharjee. et al. (1998) and Rajesh et al. (2010), respectively 

using OI 630.0 nm images from Indian sector. Several investigators have reported day to day variations in the 

occurrence of EPBs in images of OI 630.0 nm (Sharma et al., 2014).  

This paper reports the variation in zonal drift velocity of EPBs using OI 630.0 nm images over low 

latitude station Kolhapur (16.80N, 74.20E, 10.60N dip lat.). Herein we have calculated zonal plasma drift 

velocity of EPBs for 9 nights of period from January 2012 to March 2012.  

 

INSTRUMENTATION 

Regular observations of nightglow OI 630.0 nm, OI 557 nm and OH Meinel (683.00 nm and 692.00 

nm) band’s emissions have been carried out by using ASI at low latitude station Kolhapur on clear and 

moonless nights. The images of OI 630.0 nm provides the time evolution and spatial variations of selected 

atomic or molecular emissions over a wide area in the sky. The multispectral (OH, OI 630.0 and OI 577.7 nm 

emissions) ASI have been installed at Shivaji University Campus, Kolhapur under the scientific collaborative 

program between Shivaji University, Kolhapur (S.U.K.) and Indian Institute of Geomagnetism (I.I.G.), Navi 
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Mumbai, India to measure the nightglow emissions. ASI consists of three interference filters, having central 

wavelengths of OI 630.0 nm, OI 557.7 nm and OH Meinel bands (720.0 nm–910.0 nm) having a typical 

exposure time of 120, 120 and 90 seconds ,respectively, are used to study the dynamics of ionosphere (Nade 

et al., 2015). The experimental setup is shown in figures 1(a) (actual photograph) and figure 1(b) 

(Schematic).  A high resolution (1,024 × 1,024 pixels) Charge Coupled Device (CCD) based ASI has 1800 field 

of view (FOV) and covers a zenith angle range of about 70: which corresponds to horizontal distance about 

nearly 1220 km diameter at an altitude of 250 km (Figure 2). Before the operation, dark counts are reduced 

by thermo-electric cooling of CCD to -800C. This instrument is operated for 7 nights before and after the new 

moon night. The observations are taken at night time when the sunlight and moon are absent. The images 

captured by ASI are used to map the spatial and temporal locations of different irregularities in ionosphere, 

observed by nightglow emissions. The spectral sensitivity of this instrument is very high. The details of ASI 

have been briefly introduced by Nade et al., (2012, 2013, 2014, and 2015).  

 

DATA COLLECTION AND ANALYSIS 

 Kolhapur is located in between the dip equator and northern crest of the equatorial ionization 

anomaly (EIA) and thus it has an electro-dynamical importance in E and F region coupling processes (Nade et 

al., 2013). The successful observations were carried out using ASI for the period of January- March 2012. Out 

of these three months we have chosen 9 nights data which shows clear EPBs.  

 The images taken by ASI have been processed using the method called “Average Method” described 

by Sharma et al., 2014. After processing we get the final images in which EPBs can be clearly seen. These 

images are taken into account further analysis. The zonal drift velocity of EPBs has been successfully 

determined. The sequences of processed images of EPBs are shown in figure 3. We have calculated the 

position of EPBs moved, from reference axis (Y-Axis) in pixel form (Figure 4). Using the airglow geometry, 

Sharma et al. (2014) have developed a formula to convert pixels into actual geographic coordinates (kms). 
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 Where,  is earth’s centered angle, R is the mean radius of the earth, Rh is the sum of the mean 

radius of the earth and the height of airglow emission layer, and r  is the distance between the location of 

imager and the signature of EPB in the ionosphere, obtained in OI 630.0 nm images. This geometrical method 

is useful to determine the different parameters of EPBs. Using this image processing method ionospheric 

irregularities can be clearly seen in images of nightglow OI 630.0 nm. The motion of EPBs is towards east 

during course of night. For calibration of ASI image, we have divided it into four quadrants as shown in figure 
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4. After this we have identified the western, center and eastern wall of EPBs and calculated its pixel distance 

from reference axis. For more accuracy, we have selected center of EPBs to calculate its velocity. 

 

RESULTS AND DISCUSSION 

 The zonal drift velocity of EPBs has been successfully determined by the method called “average 

method”. The daily average velocity is found to be 145 m/s, 150 m/s and 160 m/s for the month of January, 

February and March 2012 respectively. The details of variation in velocity of EPBs for three months, January 

to March 2012 is shown in table 1. The peak value of the velocity lies near about 21:00 IST according to 

empirical model given by England and Immel (2012). But in our case this value in some nights are shifted 

from 2100 IST. The calculated velocity is increasing gradually and becomes maximum before midnight at near 

about 21:15 IST and decreases further during remaining course of night. The reason behind the increase in 

plasma drift velocity maybe due to the motion of background F-region winds in the ionosphere (England and 

Immel, 2012). Also, the thermospheric winds are the cause behind the motion of EPBs (Nade et al., 2013).  

 The variation in zonal drift velocities are shown in figures 5 (a) and 5 (b). In these graphs the 

calculated values deviates from model values; it means that the motion of EPBs is irregular towards east 

throughout night. We have noticed that in some nights the peak of EPBs observed near 21:00 IST and in some 

nights the peak is observed at near about 21:45 IST. This shifting of peak may due to the pre-reversal 

enhancement of EPBs before mid-night time at near about 21:15 IST.  

 The daily zonal drift velocities of EPBs for selected nights are shown in figure 6. These velocities are 

compared with model values given by England and Immel (2012). Our values of zonal plasma drift velocities 

are in good agreement with this empirical model. In figure 6 we noticed that the peak value is higher than 

that of the values given in empirical model; but the time (21:00 IST) at maximum peak is same for all the 

nights. The velocity of EPBs may also depend upon the solar activity (10.7 cm flux and ∑Kp index). Table 2 

indicates the solar activity for the period January 2012 to March2012. The magnetic activity is quite (∑Kp 

index <26) for all nights January 2012 to March 2012. So there is no significant difference observed in the 

motion of EPBs. 

 

CONCLUSIONS 

1. The calculated zonal drift velocities are in good agreement with the empirical model described by 

England and Immel (2012). The background F-region winds might be responsible for motion of EPBs 

during the course of night. The increase in drift velocity before midnight indicates the pre-reversal 

enhancement of EPBs during night time. 

2. The velocity of EPBs also depends on solar activity (∑Kp Index), as the observations of OI 630.0 nm 

emissions were taken during magnetically quite nights. The EPBs are moving eastward with average 

velocity 95±10 m/s, attains maximum value about 155±20 m/s around 21:30 IST and then decreases 

with remaining course of night from Kolhapur. 
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Figure1 (a): Actual photograph of 

instrument (All Sky Imager) installed at 

Kolhapur (Sharma et al., 2012) 

 

Figure1 (b): Schematic diagram of All Sky 

Imager (ASI) at Kolhapur (Nade et al., 2012) 

 

 

 

 

 

Figure 2: The all sky imager covers a zenith angle range of about 70⁰. This corresponds to 

horizontal distance about nearly 1220 km in diameter at an altitude of 250 km (Sharma et al., 2014) 
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Figure 3: Few sequences of images of OI 

630.0 nm obtained on 17-18 February 2012 at 

different local times (LT) 

 

Figure 4: The motion of western wall 1(a), 

center 1(b) and eastern wall 1(c) of EPBs 

indicated by yellow arrows. The ASI image 

divided into four quadrants shown by red axes 

 

 

Figures 5(a) & 5(b): Temporal variation of zonal drift velocity for different nights of OI 630.0 nm 

emissions from Kolhapur 

 

Figure 5(a) 

 

Figure 5(b) 
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Figure 6: Comparison of daily average 

calculated zonal drift velocities of EPBs with 

that of the obtained from model (England and 

Immel 2012) for the period of January and 

March 2012 

 

Figure 7: The daily average zonal drift 

velocities of EPBs for the selected nights of 

January, February and March 2012 

 

 

 

Table 1: Daily average zonal drift velocities of EPBs 

Month -> January 2012 Month -> February 2012 Month -> March 2012 

Date Velocity 

(m/s) 

Date Velocity 

(m/s) 

Date Velocity 

(m/s) 

23-24 Jan 108   15-16 Feb  116 18-19 March 128 

24-25 Jan 154 17-18 Feb  140 19-20 March 191 

26-27 Jan 171 23-24 Feb  198 22-23 March 162 

Average velocity= 145 m/s Average velocity= 150 m/s Average velocity= 160 m/s 

 

Table2: The daily ∑Kp index and F10.7 cm flux for the period of Jan–April 2012 
 

January 2012 February 2012 March 2012 

Date  F10.7 

cm 

∑ Kp 

Index 

Date  F10.7 

cm 

∑ Kp 

Index 

Date  F10.7 

cm 

∑ Kp 

Index 

23/01/12 144 14 15/02/12 40 26 18/03/2012 102 19 

24/01/12 136 20 17/02/12 53 4 19/03/2012 102 17 

26/01/12 128 13 23/02/2012 52 7 22/03/2012 102 11 
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ABSTRACT 

Titanium dioxide thin film has been synthesized by a simple and cost-effective dip coating deposition 

method onto the glass substrate at room temperature. The thin film of TiO2 was characterized for their 

structural, optical absorbance/transmittance, optical band gap and surface morphological study. X ray 

diffraction (XRD) pattern show the formation of anatase TiO2 with the tetragonal crystal structure possessing 

anatase phase. The optical band gap energy is found to 3.1 eV exhibiting a blue shift. The surface 

morphological study resembles a formation of interconnected nodules like structures. Surface wettability 

measurement shows the film is hydrophilic in nature. 

KEYWORDS: TiO2, Anatase, XRD. 

 

INTRODUCTION 

The physical and chemical properties of nano TiO2 are dependent on the size, morphology and crystal 

structure. It is a n type wide band gap semiconducting material  Titanium dioxide exists in three crystalline 

forms: anatase, rutile and brookite. The majority of authors have reported that the rutile TiO2 has a direct 

band gap of 3.06 eV and an indirect one of 3.10 eV while anatase TiO2 has only an indirect band gap of 3.23 

eV. Anatase is considered as the most favorable phase for photo catalysis and solar energy conversion [1].  

mailto:psp_phy@unishivaji.ac.in
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Different morphologies of TiO2 like rods, spheres, wires, belts etc. are synthesized by hydrothermal, 

sol-gel, SILAR, dip coating techniques. Among them dip coating method is a simple, low-cost and convenient 

method with additional advantages such as simplicity, reproducibility, nonhazardous and well suitable for 

large area deposition at different temperatures. Film thicknesses can be easily changed mere by changing the 

number of dipping cycles, or switching to a different viscosity fluid. 

 

EXPERIMENTAL 

 TiO2 thin film was deposited onto soda lime glass by dip coating method. The starting materials used for 

the deposition are titanium butoxide (TBT), 0.1 N nitric acid (Merk, 65%), ethanol (Merk, 97%) and distilled 

water are used without further purification. In 25 ml ethanol and 3 ml distilled water; 0.5 ml TBT was added 

with a continuous stirring at room temperature. Then 0.8ml nitric acid was added in the same bath to obtain 

pH ~1.7. Then the glass slide was immersed into the same solution and air dried where the immersion and 

withdrawal carried out at a constant speed to get jitter free thin film. Then the film was annealed at 450 ˚C for 

30 minutes in a muffle furnace. 

 

RESULTS AND DISCUSSION 

 Figure. 1(a) shows the XRD pattern of the TiO2 thin film which matches with the standard JCPDS Card 

No. (01-071-1169) confirms the formation of anatase TiO2 with tetragonal crystal structure. The mean value 

of lattice parameter a = 3.8102 Å and c = 9.6340 Å is in good agreement with the reported value. Further, the 

average crystallite size is estimated using Scherrer’s formula which is approximately 39 nm.  

 

Fig. 1. (a) X-ray Diffraction pattern of anatase TiO2 thin film. (b) SEM image of TiO2 thin film. 

 

 In order to study the morphological characteristics Scanning Electron Microscopy image of the TiO2 

sample was taken. Fig. 1(b) shows SEM image of TiO2 thin film at 20,000 magnification. From SEM image we 

can easily observe the formation of interconnected nodules like structures. The average size of the nodules 

are found to be ~ 350 nm. This peculiar morphological feature is beneficial as it provides larger active surface 

area. 
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Fig. 2. (a) The optical absorbance b) Transmittance (c) Blue shift of optical band gap (d) Water  

            contact angle (CA) of the TiO2 thin film. 

 

 The optical study of TiO2 thin film was carried out using UV-vis spectroscopy in the 190 to 1100 nm 

range. It was observed that the optical absorbance of the film fall under the ultaviolet part of the solar 

spectrum. The optical absorbance spectrum of the TiO2 sample is as shown in the Fig. 2 (A). The optical 

transmittance of thin film is 75 % which is shown in Fig. 2 (B). The thickness of the sample is found to be 425 

nm. The absorbance data along with the film thickness is used further for the calculation of optical band gap 

energy. A classical Tauc approach was used to obtain the optical band gap energy of all films using equation, 

α =
α0 (hν−Eg)n

hν
          (1) 

where, Eg is the separation between the bottom of conduction band and top of the valence band,  hν is the 

photon energy and n is the constant [2]. The plot of (αh)1/2 against h is shown in Fig. 2(C). The average 

optical band gap energy for the TiO2 thin film obtained is 3.1 eV.  

 The wettability of solid surfaces with liquids is governed by both their chemical modifications and 

geometrical structures of the surface [3]. Figure.2(d). shows the contact angle (CA) measurement between 

water droplets on a TiO2 surface and is found to be 70.5 °. It is observed that the film is hydrophilic in nature 

which is beneficial for the better electrolyte access into the film structure and subsequent positive impact on 

their PEC performance. 

 

CONCLUSIONS 

 TiO2 nodules are deposited by a simple and cost effective dip coating method. Formation of TiO2 nodules 

is confirmed by SEM image. Optical band gap energy of TiO2 nodules is 3.1 eV. Thus we foresee this simple 

and cost effective dip coating technique for anatase TiO2 for solar cell study in the ultraviolet region of the 

solar spectrum. 
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ABSTRACT 

  Since last four decades, successive ionic layer adsorption and reaction (SILAR) method, has emerged 

as one of the chemical method to synthesize variety of material in thin film form. The SILAR method is simple, 

low cost and convenient at domestic level. As Vanadium oxide (V2O5) thin film seems to be promising cathode 

material in electrochemical capacitor (EC), in this work V2O5 has been prepared by SILAR method. The 

properties of V2O5 thin film electrode were characterized by X-ray diffraction (XRD), scanning electron 

microscopy (SEM) and contact angle measurement, respectively. The electrochemical supercapacitive 

properties of V2O5 thin film electrode were evaluated using cyclic voltammetry and galvanostatic charge–

discharge methods. The film showed maximum specific capacitance  123 F/g in 1M K2SO4 at scan rate of 10 

mV/s, specific energy 35.2 Wh/kg, and specific power 16.25  kW/kg at current density of 2 mA/cm2   The 

experimental results indicate that V2O5 is a promising electrode material for electrochemical supercapacitors. 

KEYWORDS: V2O5Thin films, Cyclic voltammetry, Supercapacitor, Charge–discharge. 

 

INTRODUCTION 

Supercapacitor which is also known as electrochemical capacitor behaves like combining effect of 

dielectric capacitors, which can deliver high power within short time and rechargeable batteries, which can 

mailto:skandalkar@rediffmail.com
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store large amount of energy and release when it is required. Supercapacitors are more popular because of its 

long life cycle and high power density [1-3].Compared with secondary batteries, super- capacitors can 

provide high power in short-term pulses, and can be used as peak-power sources in hybrid electric vehicles, 

memory backup devices, or back-up supplies to protect against power disruption [4]. 

Transition metal oxides and conductive polymers are frequently used as the Faradic redox 

pseudocapacitors [5]. Ruthenium oxide electrode shows high pseudocapacitance and good reversibility [6-8]. 

As ruthenium oxide is too expensive, is not cost effective for commercial applications [9]. Therefore, many 

efforts are made to search for alternative materials. Vanadium oxide  material is of very much interest as it 

has many applications such as Gas sensors [10], electrochromic devices [11], electro-optic switches [12], 

window for solar cells [13], Catalyst [14] V2O5 has attracted much attention because of its layered structure, 

high capacity, etc. Previously V2O5 was employed as the cathode material of Lithium-ion rechargeable battery 

[15–19].  

 V2O5 thin films have been prepared by using several techniques, such as radio-frequency sputtering 

[20], dc-magnetron sputtering [21], flash evaporation [22], sole-gel technique [23], plasma enhanced 

chemical vapor deposition [24] and pulsed laser deposition [25-27]. 

 In this work, V2O5 thin film was prepared from vanadium chloride (VCl3-6H2O) precursor by SILAR 

method on stainless steel (SS grade 202) substrate consists iron, Chromium, manganese, nickel.  The 

toughness of substrate at low temperatures is excellent. It is one of the most widely used precipitation 

hardening grades, and possesses good corrosion resistance, toughness, high harness, and strength.  

The structural and surface morphology was studied by X-ray diffraction (XRD) and scanning electron 

microscopy (SEM), and surface wet ability, respectively. The capacitive properties of theV2O5 thin film were 

investigated by cyclic voltammetry and galvanostatic charge–discharge methods. 

 

EXPERIMENTAL 

The V2O5 thin films are deposited on SS substrate. Analytical reagent grade (AR) chemicals (VCl3: 99+ 

Merck Germany) were used for preparation of precursor solution. Before the deposition of V2O5 thin films, SS 

substrate was cleaned with detergent and distilled water and then washed by dilute nitric acid and then by 

double distilled water then further it is cleaned by acetone and distilled water and dried and used for 

deposition. While optimizing preparative parameters like precursor solution concentration, dipping time and 

number of cycles, were varied to procure good quality of V2O5 thin films. The optimized parameters were as 

follows: 0.25 M VCl3 in HPLC H2O, pH 1.5 was adjusted by HNO3 drops, precursor solution temperature were 

maintained constant at 650C. V2O5 oxide films were deposited from the cationic precursor of 0.25 M VCl3 in 

H2O and addition of HNO3 to make pH ~ 1.5 and the 0.1 % H2O2 as anionic precursor. Double distilled water is 

alternately placed in between the beakers containing cationic and anionic precursor solutions. Cleaned SS 

substrate was immersed into the cationic solution of VCl3 for 40s, where vanadium ions are adsorbed on the 

substrate surface which was then rinsed with double distilled water for 15 s to remove loosely bounded 
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vanadium ions from the substrate. The substrate was then immersed in anionic precursor (0.1% H2O2) 

solution for 20 s where the oxygen ion reacted with pre-adsorbed vanadium ions on SS substrate to form 

vanadium oxide film. The substrate was then rinsed in distilled water to remove unreacted species. The 

morphology and crystal structure of vanadium oxide thin films were investigated by scanning electron 

microscopy and X-ray diffraction techniques respectively. The electrochemical capacitive properties of V2O5 

film were investigated by cyclic voltammetry (CV) and galvonostatic charge-discharge methods in 1 M K2SO4 

aqueous solution. A three electrode cell was employed; V2O5 thin films as working electrode and platinum 

electrode as a counter electrode. All electrochemical experiments were carried out at room temperature and 

all potential values given below refer to a saturated calomel electrode (SCE).  

 

RESULTS AND DISCUSSION 

3.1. Film Formation Mechanism  

The deposition mechanism for V2O5 film formation by SILAR is described as follows. The first 

deposition bath was made up of solution of VCl3 in H2O some amount of HNO3 was added and pH was 

adjusted to 1.5. After immersion of substrate in the first bath vanadium cations get adsorbed on the substrate 

surface. This was then rinsed in double distilled water to remove loosely bounded vanadium cations from the 

substrate. When this substrate is immersed in anionic solution (H2O + H2O2), oxygen anions react with pre-

adsorbed vanadium cations and formation of vanadium oxide thin layer takes place. Again substrate is rinsed 

in double distilled water to remove unreacted oxygen anions. These four steps complete one deposition cycle 

of SILAR. After repeating such appropriate cycles, multilayer film formation of appropriate thickness takes 

place on the substrate.  

  

3.2. Structural and Morphological Analysis  

Structural analysis of V2O5 thin films was carried out by X-ray diffraction technique. Fig.1 shows 

typical XRD pattern of V2O5 thin film on SS substrate. The observed XRD pattern exhibits four diffraction 

peaks of V2O5 at 2θ = 43.160, 50.420, and 73.870 associated with the (111), (222), and (220) respectively. This 

pattern is in good agreement with the JCPDS file (card no. 04-0836). The sharpness of the peaks indicates 

good crystallites. The V2O5 film was polycrystalline. No other peaks were detected. Narrow and high 

diffraction peaks indicates that the synthesized product has strong crystalline structure. 

Fig.2 shows the SEM image of the SILAR deposited V2O5 oxide thin film with magnification of 10,000× and 

30,000×. Inter connected flakes are observed with porous nature of the film the porosity of films can enhance 

the redox process resulting in high packing density of the active material. Such type of morphology leads to 

high surface area and porous volume, which provide the structural foundation for the high specific 

capacitance 
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Fig.1 XRD pattern of V2O5 thin film electrode 

 

 

  

       Fig.2 SEM image of V2O5 with the magnification of 10,000 × and 30,000× 

                             

3.3. Contact Angle Measurement  

Fig. 3 shows that water contact angle measurement images of V2O5 thin films onto SS substrate. The 

observed water contact angles for film SS was 600. It reveals the hydrophilic (Ɵ < 900) behavior of V2O5 thin 

film onto the SS substrate. Decrease in water contact angle for V2O5 thin film was attributed to the increase in 

surface wettability due to increased porous nature of V2O5 on SS. The hydrophilic nature of V2O5 thin films 

deposited onto SS suggested that the films having potential application as an electrode material for 

supercapacitors. 

 

 

Fig.3 Contact angle measurement 

    3.4. Supercapacitive Performance of V2O5 Thin Films  

The SILAR deposited V2O5 thin film electrode is used in electrochemical capacitors and their 

performance was tested using cyclic voltammetry (CV). Fig.4 shows the cyclic voltammetry curve of V2O5 

electrode at a scan rate of 10 mV/s within the potential window from -0.2 to + 0.6 V vs. SCE in 1M K2SO4 
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electrolyte. From shape of CV it is confirm that capacitance arises mainly from electric double layer 

capacitance (EDLC)  within the electrode/electrolyte and redox transition within electrolyte/electrode 

interface, respectively. 

The capacitance was calculated from  

dtdV

I
C

/
                                            (1) 

Where ‘I’ is the average current, dV/dt is the scanning rate. The specific capacitance of the electrode 

was obtained by dividing the capacitance to weight (0.000096g) dipped in the electrolyte. The specific 

capacitance of the V2O5 electrode was found to be 123 F/g in 1 M K2SO4 electrolyte 

Fig 5 shows the CV curves of V2O5 in the potential range of -0.2 V to 0.6 V (vs. SCE) at different scan 

rates ranging from 10 to100 mV/s in 1M K2SO4 aqueous electrolyte. All curves of the sample exhibit a quasi 

rectangular shape in the given potential window and I-E responses are almost symmetric with respect to 

zero-current line, showing the characteristics features of capacitive behavior [28] 

 However, the shapes of the CV curves becomes slant gradually with the increase of scan rate, which 

might cause by polarization [29] 

  

Fig.4 CV curve of V2O5 electrode at 1M of K2SO4   

electrolyte. The scanning rate was 10mV/s.                                   

Fig.5 shows the CV curves of V2O5 electrode at 

different scan rates ranging from 10 to 100 mV/s 

in 1M K2SO4    

 

3.5. Charge-Discharge Cycling Performance Measurements 

The charge-discharge behavior of V2O5 electrode was studied by galvanometric charge-discharge 

method. Fig. 5 shows the charge–discharge behavior of electrode at the current density of 2 mA/cm2 

The electrical parameters, specific energy (E), and specific power (P) are calculated using following 

equations: 

W

TI
E

dd8.0
                                  (2) 

W

I
P

d8.0
                                        (3) 

Where Id and td are the discharge current and discharge time, respectively.  Mass (W) of V2O5 film 

electrode was 0.000096 gm/cm2. The values of specific energy (E) and specific power (P) obtained from Fig. 5 
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are 35.2Wh/kg and 16.25 kW/kg, respectively. Further studies to improve the capacitance and power density 

of V2O5 electrode are in progress. 

                                      

 

Fig.5 Charge-discharge curve of the V2O5 electrode in 1M K2SO4 electrolyte. The charging current 

was  2 mA/cm2. 

CONCLUSIONS 

 In summary, V2O5 thin films prepared by SILAR method onto SS substrate The XRD measurements 

confirmed that the V2O5 was deposited in the form of polycrystalline. The SEM analysis showed Inter 

connected flakes with porous nature of the film The electrochemical study revealed that the SILAR deposited 

V2O5 electrode had a specific capacitance of 123 F/g in 1M K2SO4 at scan rate of 10 mV/s, specific energy (E) 

35.2 Wh/kg, specific power  (P) 16.25  kW/kg at current density of 2 mA/cm2   The experimental results 

indicate that V2O5 is a promising electrode material for electrochemical supercapacitors. 
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ABSTRACT 

 The I-V characteristics and thermo-emf of system Se70Te30-xInx (x=0,1,3,5,9 % atomic weight) is 

studied.  The I-V curves at low voltage are linear and shows nonlinear behavior at high voltage. The I-V 

characteristics have been discussed with the help of charged defect states and p-type nature of the 

compounds, Thermo electric power increases with increase in indium concentration and decreases with 

temperature.  

KEYWORDS: I-V Curves, Chalcogenide, P-type, Thermoemf.  

 

INTRODUCTION 

Amorphous semiconductors have attracted a great deal of attention for many years  These solids are 

characterized by structure less tails of the conduction band and valence band states and retain the forbidden 

gap [1-2]. There are many localized states in mobility gap because of the absence of long range order. It has 

been already established that there are many defects states in the band gap. A coherent picture about the 

defect states has evolved through the work of Street and Mott [3], Kastner and Fritzsche [4]. In the transport 

studies, thermoelectric effect is an important aspect which provides information about the electronic nature 

of material. In our earlier paper [5-6] we have reported, the influence of indium on electrical properties of Se-

Te. It is found that the electrical conductivity increase with increasing indium content. Further it is found that 

activation energy decrease with increase in indium content.  

mailto:ashokgadkari88@yahoo.com
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       Here we report our results on the non-linear I-V behavior and thermoelectric power near room 

temperature (300 to 4000 K) in the bulk Se70-Te30-x -Inx system. The I-V characteristics of the sample Se70 – 

Te25 – In5 with different thickness were also studied.  

 

MATERIALS AND METHODS – (EXPERIMENTAL)     

Preparation and Characterization of samples: 

The amorphous semi-conducting Se70- Te30-x -Inx  (where  x = 0, 1,3,5,7,9,%  atomic weight) glassy  

materials  were prepared using the well established melt quenching technique. The detail experimental 

procedure is explained elsewhere [5]. The pallet was prepared by 1gm of powder with few drop of polyvinyl 

acetate and pressed by applying hydraulic pressure of 2 tonne/inch2 was applied for 2 min.  

The XRD were measured with help of Hitachi X-ray diffractometer at BARC in the range 100to 600. 

The rate of change of angular displacement of goniometer was adjusted to 20 per minute. The voltage of 34Kv 

is applied which produces a current of 18 mA across the instrument.   

I-V and TEP Measurement: 

For I-V characteristics, pallet of 1 cm diameter and 0.16 cm thickness were held in crystal holder. 

Measurements were made at room temperature. The same characteristics of the sample Se70 – Te25 –In5 with 

different thickness (0.10, 0.15, 0.20, 0.25, 0.30 cm) were also studied. Thermoelectric power was measured 

for the same samples. The sample was held between two copper rods of identical size and shape. The 

temperature of the hot end was recorded with the help of thermocouple. The measurements were recorded 

on K- potentiometer for the temperature range 300-4000 K           

 

RESULT 

XRD Analysis:     

The XRD pattern of Se70-Te30-x-Inx, are already reported in our earlier report [5] which confirms 

amorphous nature of all the samples. 

I-V and TEP Analysis: 

The I-V curves for Se-Te-In system at different concentration of indium are shown in Fig. 1. We find 

that the nature of curves is same. The curves at low voltage are linear and follow ohms low. As the voltage 

increases it becomes non-linear. The non linear behavior can be expressed as  

I   Vn    OR   I = KVn                                                                              (1) 

Where, K is constant of proportionality which depends on the nature of material. The ‘n’ is estimated 

between two desired magnitude of current & corresponding voltage by relation.  

n = 
)/log(

)/log(

12

12

VV

II
                                                                  (2) 

 This non-linear I-V behavior has been explained in literature by different mechanisms [7,8]. Several 

workers have been proposed theory in which the –ve resistance and high conductivity state arises as a result 
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of tunnel injection of carries [9]. But here we would like to interpret it by using the concept of charge defects 

state introduced by Kestner and Fritzsche [4].  

The non-linear I-V behaviour may be explained with the help of defect state [10]. When an electric 

field is applied to an amorphous semi conducting material, electrons and holes are injected form cathode and 

anode in to material. Initially, the injected electrons and holes do not move in the structure, as there is no 

internal built up electric field. Hence, they  

  

Fig.1 Current- voltage Characteristics  

            of Se70- Te30-x -Inx System (where    

            x = 0, 1,3,5,7,9,%  atomic weight) 

Fig. 2 Current- Voltage characteristics of  

            Se70- Te25- In5 System at different  

            thickness 

 

are held at the electrodes only. At the cathode, the electrons are trapped by the C


3  (donor) centre which 

transforms C
0

3  neutral centre.  At the anode the C


1  centres capture the holes and transform to C
0

3  neutral 

centres. The electrons are captured at faster rate than the holes because the mobility of electrons is higher 

than that of holes. This will result in creating a higher concentration of C


1  centres as compared to that of C


3  

centres. Thus at the anode high field exists and the holes drift towards the cathode, where they are captured 

by the C
0

3  neutral centres, thus creating C


3  centres at the cathode. This increases the field at the cathode and 

thus electrons drift from cathode towards the anode, where they are again captured by the C
0

3  centers and C



1  are formed. The electrons and holes drift through the bulk of the material with much recombination and 

they are available for the conduction in the conduction band. 

The current voltage characteristics at different thicknesses (Se70-Te25 -In5) are as shown in Fig. 2. The 

nature of curves for different thickness of material is same and it can be explained by the same mechanism 

given above. The only difference we find that the thickness increase the current in the circuit decrease for the 

same field value [11]. On the basis of charge defect model it can be explained that in thin sample the voltage 

required to inject the required amount of charges for the building up of an internal field is less because  
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Fig. 3 Dependence of thermoelectric  

           power with temperature of  

           Se70- Te30-x Inx (where x = 0,  

          1,3,5,7,9 % atomic weight) 

Fig. 4 Variation of room temperature  

             conductivity with thermo-electric  

             power 

 

of the small distance between the electrodes and the smaller value of resistance of the sample. While in the 

thick sample the voltage required to inject the required amount of charges in to sample for the building up of 

an internal field is large because of the large distance between the electrodes and the greater value of 

resistance of thick sample. (for thick sample it is seen that resistance is directly proportional to thickness). 

Therefore as the thickness of the sample decrease, the conductivity of the sample increases. The thermo-

electric power ‘S’ was calculated experimentally by the formula, 

S = 
T

V




                                                                               (3) 

Where, V is the voltage developed between two points of the material maintained at the small 

temperature difference T. As we get positive thermo-emf for the sample, the carries are holes and material 

is p-type in nature. The thermo-electric power ‘S’ with T-1   (K-1) is shown in Fig. 3. It is observed that the 

thermo-electric power varies linearly in all the samples. The values of ‘S’ increases with increasing indium 

content and decreases with temperature as well. As it is seen that the activation energy decreased with 

increasing the content of indium. There is increase in the thermoelectric power with increase in indium 

content in Se – Te for p type material is given by Fritzsche [12]. The temperature dependence of ‘S’ is given by 

relation. 

S = )A
KT

EE

e

k vf








 
                                                                  (4) 

Where Ef is the Fermi energy, Ev is the energy at the top of the valence band and A is the Scattering constant.  

The p-type nature of the amorphous semiconducting samples may be considered on the above lines. 

i.e. the conduction band develops more marked tail than valance band thus the Fermi-level lies near valance 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 24 
 

band. It has been observed that addition of indium to Se-Te system lowers thermoelectric power for the same 

temperature range. It has been reported by Stuke [13] that thermoelectric power changes sign, when bismuth 

is added to selenium. He suggested that deep donors are formed. The decreases in thermoelectric power in 

the present samples may be due to the addition of indium which creates donor states in the band gap as 

suggested by Stuke. There will be electron hole recombination and the effective density of holes responsible 

for the thermoelectric power will decrease and hence the value of ‘S’ decrease. 

The plot of ln  against ‘S’ is shown in Fig. 4. The slope of which enables to calculate 0, the minimum 

metallic conductivity. The inelastic length Li is obtained from equation   

2

0
1

03.0
e

L
                                                                                                                                   (5) 

o obtained from the slope of ln  against S curves and Li is estimated from equation(5). The value of o 

estimated from equation (5) should lay in the range of 200-400 -1 cm-1 [14,15]. For our system o lies 

between 175-250 -1cm-1  which is good agreement with the above results. 

 

CONCLUSION 

It has been found that the I-V curves are function of concentration of indium in the sample. The 

conduction in low field region is nearly ohmic and non-ohmic at high field.  The +Ve thermoelectric power 

show p-type nature of sample. The increases in thermo electric power is due to addition of indium which 

introduces donor state, This will decrease density of hole through  electron- hole recombination and thus the 

thermoelectric power decreases with temperature. 
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ABSTRACT 

The ferrites CoxMg1-XFe2O4 (x=0.0, 0.2, 0.4, 0.6, 0.8 and 1.0) are prepared by a standard ceramic 

technique. The formation of spinel structure is confirmed by XRD technique. It is observed that there is no 

appreciable change in lattice parameters (a) of these ferrites. Domain behaviour in CoxMg1-XFe2O4 ferrites is 

obtained by using high field hysteresis loop technique and the low field A.C. susceptibility technique. It is 

observed that MgFe2O4 ferrite contains multi domain (MD) states or particles while CoFe2O4 Ferrite contains 

single domain (SD) states or particles. Ferrites with x=0.2 and x=0.4 (Mg –rich ferrites) contain mixed MD and 

SD particles but with predominance of MD states. Ferrites with x=0.6 and x=0.8 (Co-rich ferrites) also contain 

MD and SD particles but with predominance of SD states. Thus inCoxMg1-X Fe2O4 ferrites, domain behaviour 

changes from MD to SD as cobalt content is increased. 

KEYWORDS: XRD, Domain Behaviour, ferrites, CoxMg1-XFe2O4. 

 

INTRODUCTION  

 Among different kinds of ferrospinels, cobalt ferrite (CoFe2O4) has attracted much attention because 

of its promising applications in the fields of high density data storage, ferrofluid technology, heterogeneous 

catalysis, magnetic resonance imaging and drug delivery (1).  On the other hand, magnesium ferrite 

(MgFe2O4) is widely used in microwave devices, latching type phase shifter elements, radio engineering and 

refractory industries (2,3).  Thus in CoxMg1-xFe2O4 ferrites, the competition between Mg2+ and Co2+ ions for 

particular site in the spinel lattice is expected to give interesting magnetic behaviour.  

 Radhakrishnamurty and Nanadikar (3) have shown that the hysteresis and the susceptibility studies 

at various temperatures provide an information on whether or not a magnetic samples contain Multi-Domain 

mailto:smkadam62@gmail.com
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(MD) and Single-Domain (SD) particles or states.  I have made use of such a studies to determine domain 

behaviour in CoxMg1-XFe2O4  ferrites.  

 

EXPERIMENTAL  

 The ferrite samples CoxMg1-XFe2O4 ( x = 0.0, 0.2, 0.4, 0.6, 0.8 and 1.0) are prepared by a standard 

ceramic technique. Presintering is carried out at 1073 K for 10 hours and powdering of formed products are 

followed by final sintering at 1530 K for 40 hours.  The samples are cooled at a rate of 353 K per hour.  The 

completion of solid state reaction is confirmed by x-ray diffraction studies carried out at IIT, Bombay on 

computerised Phillips PW 1820 diffractometer using filtered FeK(radiation.  

 The A. C. susceptibility measurements on the samples are made by using low field A.C. susceptibility 

measurement technique in the temperature range 300 K to 800 K with the help of double coil set up 

operating at a frequency of 263 Hz and in e.m.s. field of 7 orested.  The coercive fields (Hc) of samples are 

measured by using the high field hysteresis loop technique.  

 

RESULTS AND DISCUSSION  

 From x-ray diffraction studies, all the samples are found to be single phase spinels.  The unit cell 

parameters (a in oA) obtained from XRD studies are given in Table 1.  It is observed that there is no 

appreciable change in the lattice parameters of the samples.  This may be due to the closeness of ionic radii of 

Mg2+ ion (0.65 oA) and Co2+ ion (0.70 oA). 

Table 1 : Lattice parameters (a in oA), blocking temperatures (Tb in K), curie temperatures (Tc 

in K) and coercive fields (Hc in gauss) of CoxMg1-X Fe2O4 ferrites. 

X  a  oA Tb K Tc K Hc gauss 

0.0 8.377 634 710 50 

0.2 8.376 627 723 200 

0.4 8.373 672 742 600 

0.6 8.370 691 753 750 

0.8 8.368 710 768 800 

1.0 8.366 755 793 850 

 

 A polycrystalline ferrites may contain Multi-Domain (MD) and Single-Domain (SD) particles 

depending on its thermal history.  A.C. susceptibility and magnetization studies explore the existence of 

domain states in the magnetic substances (3, 4).  According to Radhakrishnmurty et.al., normalized ac 

susceptibility(ac)is 

ac = T / RT  

Where    T  is  susceptibility at temperature T.  

  RT is  susceptibility at room temperature.   
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The normalized ac susceptibility (ac) increases with increasing temperature(T), reaches a maximum 

value just  before the curie temperature (Tc) and then drops gradually or suddenly to zero at Tc.  The 

temperature at whichacbecomes maximum is called as blocking  temperature (Tb) while the temperature at 

which ac becomes zero is called as curie temperature (Tc).  For MD states or particles, normalised ac 

susceptibility does not change appreciably with temperature and drops gradually to zero at the curie 

temperature while for SD states or particles, normalized ac susceptibility changes appreciably with 

temperature and drops off sharply to zero at the curie temperature.  

 According to Bean (5), for MD particles, one observes very small values of coercive field (Hc) 

whereas for SD particles, coercive field is considerably large.  

 

 

 

Fig 1: Variation ofac with T in Deg. Kelvin for CoxMg1-XFe2O4   ferrites 

  

 The variation ofac with temperature is shown in figure 1 for CoxMg1-XFe2O4 ( x = 0.0, 0.2, 0.4, 0.6, 0.8 

and 1.0) Ferrites. It is seen that peaks become more and more pronounced with increasing cobalt content.  

The blocking temperatures (Tb) and curie temperatures (Tc) are listed in Table 1.  Both Tb and Tc are found 

to increase with increasing cobalt content.  

The hysteresis loops of CoxMg1-XFe2O4 (x = 0.0, 0.2, 0.4, 0.6, 0.8 and 1.0) ferrites are shown in figure 2.  

The coercive fields (Hc)  obtained from the hysteresis studies are listed in Table 1.  It is seen that Hc increases 

with increasing cobalt content.  Since CoFe2O4 has positive crystalline anisotropy as against the negative 

crystalline anisotropy of MgFe2O4 , the solid solution of CoxMg1-X Fe2O4 should show increase in Hc with 

increasing cobalt content and is observed in these ferrites.  As regards the constricted hysteresis loops 

observed in the case of ferrites having x = 0.8 and x=1.0, it appears that cobalt ion or cobalt oxide play 

important role (6).  
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Fig 2: Hysteresis loops of CoxMg1-XFe2O4 ferrites 

  

The shapes ofac  versus T curves and coercive fields of CoxMg1-X Fe2O4 ( x = 0.0, 0.2, 0.4, 0.6, 0.8 and 

1.0)  ferrites suggest that MgFe2O4 ferrite contains MD particles while CoFe2O4 ferrite contains SD particles.  

Ferrites with x=0.2 and x=0.4 (Mg –rich ferrites) contain mixed MD and SD particles but with predominance 

of MD states. Ferrites with x=0.6 and x=0.8 (Co-rich ferrites) also contain MD and SD particles but with 

predominance of SD states. Thus in CoxMg1-X Fe2O4 ferrites, domain behaviour changes from MD to SD as 

cobalt content is increased. 
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ABSTRACT 

Cathodic electrodeposition was used to prepare V2O5 thin film on the copper substrate from 

vanadium tri-chloride (VCl3). The structural details were confirmed by using X ray diffraction pattern (XRD) 

and Raman spectroscopy. The electrodeposited V2O5 thin film shows porous spongy structure having particle 

size approximately of 87 nm.  The surface wet-ability of the film shows hydrophilic nature. Electrochemical 

performances of the electrodeposited V2O5 electrode were investigated in 0.5 M KCl electrolyte by using cyclic 

voltametry and galvanostatic charge discharge method, it shows maximum specific capacitance OF 247 F/g, 

specific energy, specific power and columbic efficiency of 9.47 Wh/kg, 1.16 KW/kg and 92% respectively. 

KEYWORDS: V2O5 thin film, electro-deposition, cyclic voltametry, charge discharge, supercapacitor 

 

INTRODUCTION 

Conventional energy sources are depleting day by day and problem of the energy is becoming acute. 

The researchers are attracted towards the finding of the new energy sources which are more sustainable and 

eco friendly. One of the feasible options is electrochemical energy generation [1]. The fuel cells, batteries and 

electrochemical capacitors are presently being used as electrochemical energy sources. [2] However there are 

some issues related to these energy storage systems. Fuel cells are rich in energy density but poor in power 

density where as Electrochemical double layer capacitor popularly known as super capacitor has more power 

density but less energy density. The combination of these two is hybrid capacitor which has moderate level of 
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energy density and power density. As practical application demands high power density and high energy 

density the researches are being focused on combining the fuel cell and super capacitor to explore the 

benefits. [3] 

The super capacitors have widely been investigated in this regard with the view to prepare the more 

porous electrode material to get more storage of electric charge. [4] Carbon and carbon base materials for 

electrode fabrication have been used widely to achieve the goal of larger surface area due to its porous nature 

[5]; however it suffers with less conductivity and it can produce energy density at the most 10 Wh/kg which 

is too less which limits its applications. On the contrary energy density produced by the battery is not less 

than 35 Wh/kg. [6-9] Thus scientists are being attracted towards the transition metal oxides like RuO, Co3O4, 

NiO, MnO2, FeO, IrO2, SnO2, TiO2, V2O5 and MoO  for electrode fabrication because of their ability to exhibit the 

pseudo capacitance [10-24].Some of the recent reports revealed that specific capacitance could be increased 

with uniform distribution of V2O5 thin layer on conductive surface. [25-28] Reported results for some of the 

transition metal oxides are as below [11-23]. For CO3O4 based electrode specific capacitance is 2100 F/g, for 

RuO2 it is 1200 F/g and for SnO2 it is 900 F/g. V2O5 is the fourth most suitable transition metal oxide for 

construction of electrode of super capacitor [25-28].  

In present study, V2O5 thin film was prepared by using cathodic electrodeposition on copper 

substrate of thickness 0.3 mm from vanadium chloride (VCl3) at 3000 K temperature. Structural details and 

Surface morphology have been studied by using X ray diffraction pattern (XRD), Raman spectroscopy and 

scanning electron microscopy (SEM). Electrochemical performance was studied by using cyclic voltametry 

(CV) and galvanostatic charge discharge methods. 

EXPERIMENTAL DETAILS 

V2O5 thin film was deposited on the copper substrate by using cathodic electrodeposition. The 

analytical reagent grade vanadium tri-chloride (VCl3) powder was used to prepare the precursor solution. 

The solution was prepared in deionised water. Further the pH of the solution was adjusted to 2 by adding 4 to 

5 drops of nitric acid. Prior to electrodeposition, the substrate was polished and was cleaned with labogenate. 

Then it is then thoroughly rinsed with distilled water. This well cleaned substrate was used for the 

elctrodeposition. Various deposition parameters like precursor concentration, pH, temperature, and 

deposition time and deposition voltage were optimized to get good quality film. Table 1 below shows the 

optimized parameters. 

Table 1: Optimized preparative parameters used for synthesis of V2O5 thin film 

Sr. No. Preparative parameters’ details Optimized Value 

1 Concentration of precursor 0.1 M 

2 pH of the precursor 1.8 

3 Temperature of the precursor          300 K 

4 Deposition potential                        -0.9 V 

5 Deposition time 30 minutes 
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RESULTS AND DISCUSSION 

Film Formation Mechanism of Electrodeposited V2O5 Film 

The electrodeposited film in an electrolyte containing V++ ions can be described by the following 

equation [29].  

                       2V+2 + 5H2O                  V2O5 +  10H + 2e-                                                    (5) 

In above equation, the oxidation state of the vanadium (V) increases from +2 to +5. Since there is less 

probability of transferring the two electrons in a single step, the formation of the V2O5 from V++ occurs parallel 

with the oxidation of water molecules [30].   

Structural and Morphological Analysis 

Structural analysis of V2O5 film was carried out by X- ray diffractometer.  Figure 1 shows the X-ray 

diffraction pattern (XRD). No characteristic peak of for the V2O5 is shown; it means that the film is amorphous 

in nature. 

Figure 1: XRD pattern of V2O5 thin film 

 

Figure 2: Raman spectrum of V2O5 thin film 

 

 

Figure 2 shows the Raman spectrum for V2O5 was measured between the limit of 0 –5000 cm-1 .  

Raman peaks located at 56.33 cm-1 and 303.29 cm-1 do not correspond to V2O5  and may be due to a phase of 

vanadium oxide not yet detected by X-ray diffraction measurements. 

Figure 3 shows SEM image of V2O5 thin film. The film surface looks porous and spongy which 

composed of very fine elongated particles. From SEM image, one can see the some overgrown clusters. 

Initially grown nanograins may have increased their size by further deposition and come closer to each other. 

The V2O5 film surface is well covered without any pinholes and cracks. Such surface morphology may offer 

increased surface area, useful for supercapacitor application. [30] 

 

Contact Angle Measurement 

Figure 4 shows the water contact measurements V2O5 thin film onto copper substrate. V2O5 thin film 

exhibits hydrophilic behavior (70o), as water contact angle is less than 90o. Generally, low water contact angle 

increases the electrochemical performance, where interfacial contact at electrolyte-electrode is important 

[31]. 
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Figure 3: SEM image of V2O5 thin film 

 

Figure 4: Contact angle measurement for V2O5 

thin film 

 

 

 

Electrochemical Performance of V2O5 Thin Film. 

1. Supercapacitive Performance of V2O5Thin Film 

Figure 5 shows the cyclic voltammograms (CVs) for the electrodeposited V2O5 thin film electrode at 

scan rates 50, 100, 200 and 500 mV/s. The potential window for measurement is in between -0.2 V to + 0.6 V 

verses SCE in the 0.5M KCl electrolyte. All CV curves are shaped as an asymmetrically closed box. This is 

attributed to electric double layer capacitance which has ideally rectangular shape CV. From figure it is also 

seen that as scan rate increases the area under the curve also increases. This is due to the fact that 

voltametric current was proportional to scan rate, thus it resembles to capacitive behavior of the V2O5 thin 

film electrode. On the basis of CV measurements the specific capacitance of electrodeposited V2O5 thin film 

electrode was observed to be 247 F/g in the 1M KCl electrolyte. 

 

Figure 5: CV for electrodeposited V2O5 thin film 

onto copper plate 

 

Figure 6: Charge-discharge curve for 

electrodeposited V2O5 thin film 

 

2. Charge-Discharge Cycling Performance Measurements for V2O5Thin Film 

Figure 6 shows the galvanostatic charge-discharge behavior of electrodeposited V2O5thin film 

electrode at current density of 1 mA/cm2. The charge-discharge curve is almost symmetric in the range -0.2 V 

and + 0.6 V verses SCE; which indicates good capacitive nature of the electrodeposited V2O5 thin film 

electrode. 
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CONCLUSIONS 

The electrodeposition of V2O5 thin film was carried out in the aqueous bath of vanadium trichloride 

(VCl3). XRD analysis revealed that the V2O5 film is amorphous in nature which did not show any peak related 

to V2O5. The morphological study with SEM showed that V2O5 had cauli flower like porous structure which is 

required for the electrochemical capacitor application.  The contact angle study showed that film is of 

hydrophilic nature. Cyclic voltametry study showed that electrodeposited V2O5 electrode had specific 

capacitance of 247 F/g. The specific energy, specific power and efficiency were 9.47 Wh/kg, 1.16 kW/kg and 

90% respectively. In this way electrodeposition method is pronounce method to fabricate V2O5 film with good 

control on the preparative parameters. 
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ABSTRACT 

Magnesium ferrite nanomaterial was synthesized by oxalate co-precipitation method using high 

purity sulphates. The synthesized material is characterized by X-ray Diffraction studied (XRD), Scanning 

Electron Microscopy (SEM) and Fourier transform Infrared Radiation (FTIR) techniques. The samples were 

sintered at 5000C for 4 h. The X-ray diffraction analysis confirms the formation of single phase cubic spinel 

structure of the sample. The lattice constant, X-ray density, physical density, crystallite size, site radii (rA, rB), 

bond length (A-O, B-O) on tetrahedral (A-site) and octahedral (B-site) were calculated for the sample. The 

lattice constant and crystallite size are 8.34 A0 and 37.2 nm respectively. Physical densities are calculated by 

Archimedes principle. The SEM study shows that the grain size is 0.17 mµ. The FTIR spectra shows two 

strong absorption bands around in the range of 400 cm-1 and 800 cm-1 on the tetrahedral and octahedral sites 

respectively.  

KEYWORDS: Chemical synthesis, Crystallite size, Bond length, XRD. 

 

INTRODUCTION 

Ferrites materials are extensively used in electronic microwave device, computer memory chips, 

magnetic recording media etc. [1] Magnesium ferrite (MgFe2O4) is one of the important oxides with spinal 

structure. The spinal ferrites are used in the fabrication of multiplayer chips, and inductors surface mount 

devices in electronic products such as cellular phones, digital diaries, video camera, recorder and floppy 

drives [2-3]. It is well known that spinel ferrites play an important role in technological application in 
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addition MgFe2O4 can be used in verity of application including semiconductors, catalysts, gas sensors and 

humidity sensors [4-5]. 

      The ferrites in powder, thin film or thick film forms are prepared by the high temperature solid state 

reaction, sol-gel method, ball milling and co-precipitation method [6-9]. The solid state sintering route of 

producing these materials requires high sintering temperature, as well as long sintering time. The ferrites in 

present work have been synthesized by chemical solution method known as oxalate co-precipitation method. 

The advantage of this method is that it results in very fine, reactive, high purity and homogenous powers; the 

magnesium ferrite is partially inverse spinal ferrite [10]. 

       In the present study, we report preparation of MgFeO4 by oxalate co-precipitation method their 

characterization by XRD, SEM and FTIR techniques and their structural and magnetic properties. 

 

MATERIALS AND METHODS 

Synthesis of MgFe2O4 powder 

 The MgFe2O4 ferrites were prepared by the oxalate co precipitation method the high purity starting 

materials MgSO47H2O (Purity 99.99%) and Fe2SO4 7H2O (purity 99.5%, Thomas baker). These chemical were 

weighed in desired stoichimetric proportional and dissolved in distilled water. The pH of the solution was 

maintained at 4.8 by drop wise addition of concentration H2SO4. The resulting solution was heated at 800 C 

for 1h in order to complete the ionization of metal sulfates. The precipitating reagent was prepared in 

distilled water by adding required proportion of AR grade ammonium oxalate. The precipitating reagent was 

added by drop into metal sulfate solution with constant stirring until the process in precipitation was 

complete. The process of precipitation can be explained by following chemical reaction.  

              MgSO4 + 2H2O+C2O4  → MgC2O42H2O+ SO4
— 

               FeSO4+2H2O+ C2O4   →   FeC2O42H2O+ SO4
— 

The resultant precipitation was solid solution of magnesium oxalate and ferrous oxalate. The precipitate 

along with solution was digested on sand bath for 1h in order to settle down the precipitate at the bottom of 

the beaker. The precipitate was filtered by using What’sman filter paper no. 41 with help of wash with 

distilled water in order to remove sulphate ions. The absence of sulphate ion in the filtrate was conformed 

with a barium chloride test. The co precipitate product was dried and presented at 4000C for 2 h in air. The 

presintered powder was milled in an agate mortar. The AR grade acetone was used as a base. The powder 

was finally sintered at 5000 C for 4h followed by slow cooling the furnace. The rate of heating and cooling was 

800C/h. The sintered power was milled and pressed in the pellets of 0.13m diameter by applying pressure of 

5.3n/m2using a hydraulic pressure machine. Polyvinyl alcohol wt% was used as a binder. The pellets were 

finally sintered at 5000C allowed to cool naturally. 

Characterization: 

The X-ray powder diffraction (XRD) patterns were obtained at room temp. by using Philips PW-3710 X-

ray powder diffractometer operated at 40kV and 30 mA using CuKα, radian (λ=1.524 A0) the diffraction 
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patterns were recorded at step size of 0.020 in angular range of 200-1000 (2θ). The crystallite size was 

calculated by Scherrer formula. The scanning electron microscopy was carried to analyze the microstructure 

of fractured surfaces of the pellets using the SEM, JEOL-JSM 6360 model, Japan. Infrared absorption spectra of 

powdered samples were recorded in the range of 350-800 cm-1 using Perkin–Elmer FT-IR spectrum one 

spectrometer by KBr pellet technique. 

 

RESULT AND DISCUSSION 

 

 

Fig. 1 XRD patterns of MgFe2O4 Fig. 2  SEM pattern of  MgFe2O4 

 

X-ray diffraction 

The X-ray diffractograms of MgFe2O4 system is presented in Fig. 1. The presence of (220), (311), (222), 

(400), (420) and (5 1 1) planes in the diffraction patterns conforms the formation of cubic spinel structure. 

The lattice constant ‘a’ of all the samples was calculated by using the formula [11]. 

222 lkhda hkl                                                                                                                                   (1) 

Where dhkl is the observed inter planer distance of or hkl planes. The calculated value of lattice constant of 

ferrite 8.34 Ao. 

 The average crystallite size of all samples is determined for the (311) peak using Debye Scherrer formula 

[12]. 





cos

94.0
D                                                                                                                                                   (2) 

Where λ, is the wavelength of X-ray (A0), β is full width at half maxima and θ is the Bragg’s diffraction angle. 

The average crystallite size ‘D’ of the sample is 37.2 nm. The average crystallite size of studied samples is 

smaller than that prepared by ceramic method [13].  

Using lattice constant data, the X-ray density (ρx) for sample was calculated by using the relation,             

3

8

Na

M
x                                                                                                                                                  (3) 
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Where, M is the molecular weight of the sample (kg), N is the Avogadro’s number (per mole) and ‘a’ is the 

lattice constant (A0) the X-ray density of sample is 5.64 gm/cc. 

  The X-ray diffraction data are further used to calculated the ionic radii (rA, rB) and bond lengths (A-O, B-

O) on tetrahedral A-sites and octahedral B- sites of cubic spinel structure by using the relation from literature 

[14] 

3)
4

1
( auOA                                                                                                                                 (4) 

auOB )
8

5
(                                                                                                                                       (5) 

)(3)
4

1
( 2 oraurA                                                                                                                        (6) 

r )()
8

5
( 2 oraurB                                                                                                                            (7) 

where, a is the lattice constant (A0) r(O2-) is the radius of oxygen ionc radi (1.35A0) and u is the oxygen ion 

parameter u = 0.382 for MgFe2O 4. 

  The values of site radii (rA, rB) and bond length (A-O and B-O) are summarized in the Table.  The A-

site and B-site radii are found to be in good agreement with those reported by Standley [14]. The bond length 

on A-site is less than that on B-site. From table, The calculated of Bond length is A-O = (1.0906) and B-O = 

(2.026) and ionic radii rA = 0.556A0  and rB = 0.676A0.  

Scanning electron microscopy 

 SEM microphotographs of fractured surface of pellet sintered at 5000C for all the compositions are 

shown in the Fig. 2. The average grain size of the sample is calculated by the equation [15] 

MN

L
Ga

5.1
                                                                                                                                                    (8) 

Where, L is total test line length (m), M is the magnification and N is the total number intercept.  The average 

grain size is about 0.17 μm. The grain size of the sample prepared by co-precipitated method is smaller than 

obtained for the ferrites prepared by ceramic method [13]. The reduction in grain size is found due to method 

of preparation.  

 

Infrared spectroscopy 

The infrared spectrum of MgFe2O4 is shown in Fig. 3. The IR spectra are found to exhibit two major 

absorption bands in the range 350 cm-1 to 800 cm-1. The high frequency band (v1) is in the range 565.1 cm-1 

and lower frequency band (v2) is the range 425.74 cm-1. According to Waldron [16] the vibration of unit cell of 

the spinel can be construted in the tetrahedral (A) sites and octahedral (B) site. 
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Fig. 3 Infrared absorption spectra of MgFe2O4 

 

So, the absorption (v2) is caused by scatching vibration of the tetrahedral metal-oxygen vibration in 

octahedral sites .  The band position of v1 and v2 for all samples are given in Table. 

 

Table 1: Band position of v1 and v2 for all samples 

Crystallite 

size 

(nm) 

Lattice 

constant  

(Ao) 

Grain 

Size 

(µm) 

Absorption 

bands 

X-ray  

Density 

( ρx)  

Ionic radii 

(Ao)  

Bond length 

(Ao)  

rA  rB  

υ1  υ2  A-O  B-O  

37.2 8.34  0.17 565.1  425.7  5.64 0.556 0.676 1.906 2.026 

 

 

CONCLUSION 

The Mg ferrites have been prepared successfully by using oxalate co-precipitation method at a sintering 

temperature 5000 C for 4 h. The average crystallite size and lattice constant is 37.2nm and 8.34 Ao 

respectively.  The grain size is smaller than that prepared by ceramic method. The values of site radii (rA, rB) 

and bond length (A-O and B-O) are found to be in good agreement with those reported by Standley. Two 

major absorption bands are found in the frequency range 565.1 ν1 and 425.7 ν2.  

 

REFERENCES 

1. Garish, H. and Kazak, O. (1977): J. Ceram. Soc. 60; 51-   

2. Kim, W. C., Kim, S. J., Lee, S. W. and Kim, C. S. (2001): J. Magn. Magn. Mater., 226: 1418- 1420 

3. Gadkari, A. B., Shinde, T. J. and Vasambekar, P. N. (2009): Structural analysis of Sm3+ added 

nanocrystalline Mg-Cd ferrite, Material characterization, 60: 1328-1333. 

4. Benko, F. A. and Koffyberg, E. P. (1986): Mater. Res. Bull., 21:3156-. 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 41 
 

5. Lee, Y. H., Lee, G. D., Park, S. S. and Hong, S. S. (2005): catalytic removal of carbon particulates over 

MgFeO4 catalystics, React. Kinet. Catal. lett., 84(2):311-317.  

6. Tinshu, Z., Hing, P., Jiancheng, Z. Z., Kingbing, K., Ethanol sensing charactistics of Cadmium ferrite 

prepared by co-precipitation, Mater. Chem. Phys., 61(3): 192-198.  

7. Rezlescu, N., Rezlescu, E., Popa, P. D. and Tudoracle, F. (2005): J. Optoelectron. Adv.  Mater., 7: 902- 

907.  

8. Chakrabarti M. Sanyal K, Chakrabarti A. (2007): Prepartion of Zn1-xCdxFe2O4 ferrite samples and their 

characterization by Mossbauer and positron annihilation techniques. J. Phys Condens. Matter., 19: 

236210-11. 

9. Liu, C. P., Li, M. W., Cui, Z., Huang, J. R., Tian, Y. L., Lin, T. and Mi, W. B. (2007): Comparative study of 

magnesium ferrite nanocrystalline prepared by sol-gel and co-precipitation methods, J. Mater. Sci., 

42: 6133-6138.     

10. Mahmoud, M. H., Abdallas, A. H., Hamdeh, H. H., Hikal, W. M., Taber, S. M. and Ho, J. C. (2003): 

MossBouer spectroscopic evaluation of high energy  ball – milled CdFe2O4, J. Magn. Magn. Mater., 

263(3):  269-274. 

11. Culity, B. D. (1956): Element of X-ray diffraction, Addision Wesley Pub Co INC. pp. 42. 

12. Culity, B. D. (1967): Element of X- ray diffraction, Addision Wesley Pub Co Inc. pp. 96. 

13. Bhosale, J. L., Kulkarni, S. N., Sasmile, R. B. and Chougule, B. K. (1999): Indian J. Pure Appl. Phys., 33: 

42.  

14. Standley, K. J. (1962): Oxide magnetic material London, Oxford press, pp. 24  

15. Wurst, J. C. and Nelson, J. A. (1972): Linear intercept technique for measuring the gain size in two 

phase polycrystalline ceramic, Am. Ceram. Soc. Bull., 55(2): 109-113 

16. Waldron, R. D. (1955): Infrared spectroscopy of ferrite, 99: 1727-1735.  

 

 

 

 

 

 

 

 

 

 

 

 

 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 42 
 

CHAPTER 

8 
 

EMERGING TRENDS 

IN BASIC AND 

APPLIED SCIENCES 

 

ISBN:   

978-93-5212-826-6 

 

 

CdS SENSITIZED ZnO THIN FILMS FOR SOLAR CELL APPLICATIONS:            

A SHORT REVIEW 

Sharadrao A. Vanalakar1, 3@ ,  Pramod S. Patil2,  Jin H. Kim3 

1, 3Department of Physics, Karmaveer Hire Arts, Science, Commerce & Education College, 

Gargoti, Tal – Bhudargad, Dist – Kolhapur 416 209 

2Department of Physics, Shivaji University, Kolhapur-416 004, M.S., India 

3School of Applied Chemical Engineering, Chonnam National University, Gwangju 500 757, 

South Korea 

@Corresponding author E-mail: sharad.vanalakar@gmail.com 

 

 

ABSTRACT 

The materialization of new approaches in the design of energy scenario during the past couple of 

years has resulted in many fascinating and important research developments. Of particular interest are 

efforts to design new nanostructured architectures for solar cells and their materials. The nanostructured 

architectures of solar cells mainly consists (1) dye sensitized solar cells (DSSC), (2) hybrid organic solar cells, 

and (3) semiconductor (quantum dot) sensitized solar cells (SSSC). The collection and conversion of light 

energy in these solar cells is assisted by modifying a nanostructured semiconductor interface with a dye, 

conjugate polymer, or semiconductor nanocrystals, respectively. However, the carboxylic group of dye 

molecules and organic materials form aggregates with semiconductors, which reduces the electron injection 

efficiency and stability of the solar cells. Therefore, the SSSC is the best option to improve efficiency and 

stability in which semiconductor materials replace the organic dyes. The SSSC provides additional 

opportunities that are not available in DSSC. The shape and size of semiconductor can be adjusted to cover 

the solar spectrum from UV to Visible range, and are easy to process. The SSSC can potentially utilize multiple 

electron-hole pair generation per incident photon to achieve higher conversion efficiency. This manuscript, 

will review synthesis and solar cell applications of SSSC. This review begins with description solar cells, its 

various generations and mechanism of SSSCs. Due to the higher electron mobility, exciton binding energy, 
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breakdown strength and exciton stability ZnO is widely used as high band gap semiconductor material and 

due to reasonable band gap CdS used as an effective sensitizer in SSSCs. So, a survey of CdS sensitized ZnO 

thin films and their solar cell performance is discussed in details. Finally, we have presented the perspectives 

for further developments. 

KEYWORDS:  CdS; ZnO; Thin Films; Sensitization; Solar Cells  

 

1. INTRODUCTION 

The economic growth in many parts of the world during the past decade was able to be sustained 

because of the affordable energy prices. The worldwide energy utilization has increased every year by several 

percentages [1]. Due to an overall growth of world population, it is believed that this growth will persist or 

even accelerate over the coming decades [2,3]. About 13 terawatts (TW) of energy is currently needed to 

sustain the life style of 6.5 billion people worldwide. By year 2050, we will need an additional 10 TW of clean 

energy to maintain the current life style. Most of this energy is now-a-days supplied by fossil fuels and/or 

nuclear energy. However, these resources are limited and their use has a serious environmental impact, 

which extends probably over several future generations [4]. This situation poses an enormous challenge 

already for the present generation to start up a transition in energy consumption and production. More 

efficient usage of produced energy could possibly lead to a decreased consumption whereas new technologies 

could steer this transition towards a more sustainable energy production. 

Sustainable development meets the needs of today without jeopardizing the future. In this respect, 

renewable energy sources fit in very well. Besides their environmental friendliness, they offer several other 

advantages. Diversification of energy supplies can lead to more economical and political stability [5, 6]. 

Moreover, countries and regions can become more independent by supplying their own energy from 

renewable instead of having to import fuels or electricity from large production plants. Finally, a transition 

from traditional fuel based energy production to renewable energy resources can even lead to a substantial 

increase of employment.  

Several renewable energy sources are under development or even already introduced on the market. 

Still, they make up only a limited part of the total energy production [7]. The direct use of solar energy as 

renewable and sustainable resource is also believed to have much larger possible applications than used 

now-a-days. The total amount of solar irradiation per year on the earth’s surface equals 10000 times the 

world’s yearly energy need. This solar power can on the one hand be applied passively as lighting resource 

and space eating in buildings. Besides this, active applications concern the heating of water or heat fluids 

through concentrator systems for domestic use or even in industrial processes. The photovoltaic (PV) 

conversion of light directly into electricity is another possible way to make use of solar energy [8]. Especially 

for this latter kind of application widespread use is possible and even foreseen due to several reasons: 

 It is environmentally benign, with no emission during operation 

 It converts light directly into electricity 
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 It requires little maintenance and is very reliable  

 It is the largest non-carbon-based energy source (100,000 TW) 

 It is modular and therefore can serve small as well as very large power demands 

 In conclusion, it can be stated that photovoltaic conversion of solar energy directly into usable 

electricity has large potential as a renewable and sustainable energy supply for the future. It will offer 

substantial environmental as well as economical benefits to both developed and developing countries. At 

present an annual growth rate of more than 30% of the PV market is seen. Despite such an impressive 

number, it will take still more than 30 years to get a significant contribution by photovoltaic energy supply to 

the total world energy demand. Novel device concepts and materials might offer solutions, however still 

much basic research and development is necessary in several of these areas. Also organic materials based 

photovoltaic devices are intensively studied in this respect. An overview of activities in this field will be given 

further on. First, a basic and general description of solar cells is put forward and the most relevant 

parameters are explained. 

 

2. INTRODUCTION OF SOLAR CELLS 

A solar cell is a device that converts the energy of sunlight directly into electricity by the photovoltaic 

effect. Sometimes the term solar cell is reserved for devices intended specifically to capture energy from 

sunlight such as solar panels and solar cells, while the term photovoltaic cell is used when the light source is 

unspecified. Photovoltaic is the field of technology and research related to the application of solar cells in 

producing electricity for practical use. The energy generated this way is an example of solar energy.  

 The word ‘photovoltaic’ comes from the Greek word phos- which stands for light and voltaic for the 

electrical potential. This latter volta refers to the researcher Alessandro Volta (1745-1827), who was one of 

the pioneers in the study of electricity. Therefore, the word expresses in itself already that a photovoltaic 

device is able to convert light into electricity. Photovoltaic effect was first recognized in 1839 by French 

physicists A.E. Becquerel. In 1883, the first solar cell was built by Charles Fritts. He coated selenium with 

extremely thin layer of gold to form the junction. Since the discovery of a p–n junction Si photovoltaic (PV) 

device reported in 1954, the science and technology of PV devices (solar cells) and systems have undergone 

revolutionary developments.  

The working principle of solar cell is illustrated in the following Fig. (1) 

 

Fig. (1) Working principle of photovoltaic/solar cell (Courtesy-  How Stuff Works) 
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Conventional solar cells are made up of semiconducting material, usually silicon.  When light hits the 

cells, they absorb energy though photons. This absorbed energy knocks out electrons in the silicon, allowing 

them to flow. Additionally it creates electron-hole pair (EHP). By adding different impurities to the silicon 

such as phosphorus or boron, an electric field can be established. This electric field acts as a diode, because it 

only allows electrons to flow in one direction.  Consequently, the end result is a current of electrons, better 

known to us as electricity. 

 

3. GENERATIONS OF SOLAR CELLS 

           There are three basic generations of solar cells, though one of them doesn't quite exist yet, and 

research into it is ongoing. 

First generation solar cells are dominant technology in commercial production, accounting more 

than 85% of solar cell market. These solar cells are manufactured in a fashion similar to computers, involving 

extremely pure silicon. They are very efficient, approaching their theoretical efficiency maximum of 33%. The 

manufacturing processes that are used to produce first generation cells are inherently expensive, meaning 

that these cells may take years to pay for their purchasing costs. It is not thought that first generation cells 

will be able to provide energy more cost effective than fossil fuel sources. The first generation of solar cells 

has high-cost, high-efficiency. 

The second generation of solar cells, which have been under intense development for the 90s and 

early 2000s, are low-cost, low-efficiency cells. These are most frequently associated with thin film solar cells, 

designs that use minimal materials and cheap manufacturing processes. The most popular materials used for 

second generation solar cells are copper indium gallium selenide (CIGS), copper zinc tin sulfo-selenide 

(CZTS), cadmium telluride (CdTe), amorphous silicon and micromorphous silicon. Though these cells have 

only 15-17% conversion efficiency, the decreased cost makes up for this shortfall and it is thought that 

second generation solar cells will surpass first generation cells in market share sometime around 2020. 

Second generation solar cells have the potential to be more cost effective than fossil fuel, though this may not 

occur until 2020 or later. Second generation materials have been developed to address energy requirements 

and production costs of first generation cells. Alternative manufacturing techniques such as vapour 

deposition, electroplating, chemical bath deposition are advantageous as they reduce high temperature 

processing significantly. It is commonly accepted that as manufacturing techniques evolve production costs 

will be dominated by constituent material requirements, whether this be a silicon substrate, or glass cover.  

 Third generation solar cells are just a research target, and do not really commercially exist yet. The 

goal of third generation solar cell research is low-cost, high efficiency cells. Third generation technologies aim 

to enhance poor electrical performance of second generation (thin-film technologies) while maintaining very 

low production costs. Current research is targeting conversion efficiencies of 30-60% while retaining low cost 

materials and manufacturing techniques. Some analysts predict that third generation cells could start to be 

commercialized sometime around 2020, but this is just a guess. Technologies associated with 

http://www.wisegeek.com/what-is-a-fossil.htm
http://www.wisegeek.com/what-is-a-solar-cell.htm
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third generation solar cells include multi junction photovoltaic cells, tandem cells and nanostructured cells to 

better pick up incident light, and using excess thermal generation to enhance voltages or carrier collection. 

The most popular devices used for third generation solar cells are photoelectrochemical solar cells (PEC), dye 

sensitized solar cells (DSSC) or Graetzel cells, semiconductor or quantum dot sensitized solar cells (SSSC), 

polymer solar cells, etc. 

Third generation solar cells can exceed the theoretical solar conversion efficiency limit for a single 

energy threshold material. The threshold was calculated in 1961 by Shockley and Queisser as 31% under 1 

sun illumination and 40.8% under maximal concentration of sunlight (46,200 suns, which makes the latter 

limit more difficult to approach than the former). 

The best result cell efficiency of the first to third generations are collectively represented in Fig 2 

 

Fig. (2): Cell efficiencies of first to third generation solar cells (Courtesy- NREL, USA) 

 

4. SEMICONDUCTOR SENSITIZED SOLAR CELLS 

The recent interest in utilizing semiconductor nanocrystals (or quantum dots) for light energy harvesting 

has drawn great attention toward metal oxides-chalcogenide-based systems. The semiconductor sensitized 

solar cell (SSSC) belongs to the third generation of solar cells, which represents a class of solar cells with low 

production cost and acceptable efficiency. Among the third generation solar cells, organic dye sensitized solar 

cells (DSSC) with a maximum photo conversion efficiency of ~12% have been heavily investigated, but they 

are limited by low absorbance with a dye monolayer and low efficiency with a dye multilayer [10]. DSSC also 

has poor stability. On other hand SSSC has prominent advantages over DSSC such as tunable band gap over a 

wide range, high extinction coefficients, improved light-harvesting capability, multiple exciton generation 
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capability, large intrinsic dipole moments and stability. These advantages have made the development of 

SSSC a focal point for researchers [11-14].       

The working principle of SSSC is quite similar to that of DSSC. In the case of the SSSCs, wide band gap 

semiconductors such as ZnO, TiO2, SnO2, etc. were sensitized or decorated by small band gap nanostructured 

semiconductor such as CdS, CdSe, PbS, etc. Sensitization is the process in which treatment of substance by 

heat, radiation or activating reagents to produce a more complex or rapid chemical and physical changes. 

Excited electrons of semiconductor nanocrystals are injected into a wide band gap semiconductor and holes 

are scavenged by a redox couple.  

The process involve following steps in SSSCs or QDSSc:  

(1) electrons inject into the conduction band of ZnO, (2) holes release to electrolyte, (3) electrons inject 

into electrolyte, (4) electrons and holes recombine in QDs, (5) and (6) electrons and holes are trapped by the 

surface states of QDs and recombine in traps, (7) electrons transfer back to electrolyte, (8) Trapped electrons 

escape to electrolyte and (9) electrons transfer back to QDs. Following Fig. (3) represent the working 

principal of SSSCs.  

 

 

 

 

 

 

 

 

 

 

 

 

Fig. (3): Schematic diagram of the photogenerated charge transfer and loss path ways in 

Semiconductor/Quantum Dot Sensitized Solar Cells 

 

 In SSSCs, number of wide band gap semiconductors was used such as ZnO and TiO2. But, it is very 

difficult to grow TiO2 anisotropically to obtain hierarchical and ordered structures as compare to ZnO. 

Moreover, ZnO favors formation of anisotropic structures, exhibit much higher electron mobility than TiO2 

(155 cm2 V−1 s−1 vs. 10−5 cm2 V−1 s−1), exciton binding energy (60 meV), breakdown strength and exciton 

stability [15]. These properties make ZnO more desirable in SSSC application. The numbers of researchers 

have proposed visible band gap semiconductors for effective sensitization, such as CdSe, InP, CdTe, PbS and 

CdS [16-20]. Among these sensitizers, CdS has shown much promise as an effective sensitizer due to its 

reasonable band gap (2.4 eV) and offer new opportunities for light harvesting. So, in this review, we focused 
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on the ZnO as wide band gap semiconductor and CdS as nanostructured sensitizer semiconductor. Following 

Fig. shows the schemataic band alignment of CdS nanoparticles and ZnO nanocrystallite. 

 

Fig (4): Schematic diagram of CdS nanoparticle decorated ZnO nanorods and photogenerated 

charge transfer in CdS and ZnO (Courtesy: Vanalakar et al., Opt. Mater., 37 (2014) 766, with 

permission from Elsevier). 

 

5. SURVEY OF LITERATURE ON CdS SENSITIZED ZnO 

A semiconductor sensitization is like formation of the hetrojunction between two semiconductors-

one wide band gap and other narrow band gap. A semiconductor heterojunction is a junction between two 

chemically different semiconductors. Heterojunctions have been receiving attention for considerably long 

time because of their several useful applications as switching devices, solar cells, and in junction field effect 

transistors [21]. Literature survey of heterojunction during last 30 years revealed that, mostly 

heterojunctions were fabricated for photovoltaic applications. Initially hetrojunctions were fabricated with 

inorganic semiconductors. These includes IV- IV group (Ge/Si) heterojunctions either n-p, p-p or n-n type on 

silicon substrate were studied from photovoltaic application point of view. Also IV- VI groups, II-IV group, II-

VI group such as, Ge/Te, Si/Te of silicon or germanium crystal were fabricated.  IV- (II- VI) semiconductors eg, 

CdS/ZnO, CdS/TiO2, CdSe/ZnO, CdSe/TiO2, Ge/ZnO, Ge/ZnS, Ge/ZnSe, Ge/CdS, Ge/CdSe, Ge/CdTe etc were 

fabricated. Heterojunctions fabricated using various methods among elemental or compound semiconductors 

at the beginning of heterojunction era are listed by Sharma et al. [22]. Among inorganic semiconductors 

heterojunction, CdS/CdTe is mostly studied. CdS/CdTe solar cells have been prepared by periodic pulse 

electrodeposition with 10.8% efficiency, open circuit voltage (Voc) = 753 mV, short-circuit current (Jsc) = 

23.6 mA/cm 2 and fill factor (FF)= 0.61. Current-voltage-temperature measurements showed the variation of 

ideality factor from 1.88 at 344 K to 4.49 at 402 K [23].  The large lattice mismatch between CdS and CdTe is a 

potential problem, but there is evidence that thermal processing leads to formation of a mixed CdTe1-x Sx 

phase in the junction that overcomes this problem [24-28]. Investigation of non-aqueous electrodeposited 

CdS/ Cd(1-x) Znx to form solar cells with 8.3 % efficiency on ITO coated glass was reported by Chaure et al. [29]. 

Heterojunction based on inorganic-organic semiconductors are intensively studied due to their low cost and 
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simplicity of technique used [30].  Organic semiconductors find place of inorganic one in their comparable 

electrical conductivity, good thermal and environmental stability, and ease of synthesis [31, 32]. The use of 

conjugated polymer as device candidate is in practice during last two decades. First organic / inorganic thin 

film photovoltaic junction was made by Horowitz et al [33] who studied a GaAs / polythiophene n- p junction. 

Then Franck et al [34] investigated a CdS / P- me T ( poly 3- methyl thiophene ) Schottky junction. In both 

cases, solar to electrical conversion efficiency was limited by light absorption in polymer film.  

Following Fig. shows recent publications of CdS sensitized ZnO thin films. 

 

Fig. (5): Publication verses year of publication with key word CdS sensitized ZnO thin films 

(Courtesy: Science Direct) 

        Recently, vigorous demand for the electrical conversion efficiency focused on the PEC solar cells 

composed of varying band gap energies thin films that harness entire solar spectrum for the efficient 

photoperformance. A limited fraction of incident solar photons have sufficient energy to initiate charge 

excitation with in a semiconductor. It is well accepted that the wide band gap semiconductors generate a high 

photo-voltage but have low photo-current. Smaller band gap semiconductors can utilize a larger fraction of 

the incident photons but generate lower photovoltage. Therefore, it is believed that a device having multiple 

band gap energy layers can cover broad visible spectrum. In stacked multijunction systems, the top most 

semiconducting layer absorbs (and converts) photons of high energy, but is transparent to photons of lower 

energy and subsequent layer (s) absorb the lower energy photons [35, 36]. Solar cells composed of multiple 

band gap semiconducting layers are capable of better matching and utilization of incident solar radiation. 

Multiple bandgaps, rather than single band gap semiconductor devices can provide more efficient matching of 

the solar spectra [37-39]. The semiconductor sensitized solar cells are the efficient way in which multiple 

band gap semiconductors provides light harvesting in visible region.  

     Zhang et al. [40] reported a versatile solution route for oxide/sulfide core shell nanostructures and 

nonlayered sulfide nanotubes. Large-scale, uniform and regular oxide/sulfide core–shell nanostructures and 

nonlayered sulfide nanotubes, such as ZnO/ZnS, SnO2/SnS2, MnO2/MnS2 core–shell nanostructures, as well as 

ZnS and SnS2 nanotube have been prepared by a versatile approach based on a thioglycolic acid assisted  

hydrothermal process and subsequent NaOH treatment. 
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     Leschkies et al. [41]  have combined CdSe semiconductor nanocrystals (or quantum dots) and single 

ZnO NWs to demonstrate a new type of quantum dot sensitized solar cells (QDSSC) or semiconductor 

sensitized solar cells (SSSC). They proved that the electrons are injected across the quantum dot–nano wire 

interface in to the ZnO and the nanowires provide the photo-injected electrons with a direct electrical path 

way to the photo-anode. Furthermore, Tak et al. [42] have found that the CdS nanoparticle/ZnO nanowire 

heterostructure has enhanced photo-catalytic activity [43], because the CdS and ZnO can form a typeII 

heterojunction, which can efficiently separate photo-generated electron–hole pairs in each semiconductor 

material and reduce their recombination. 

      Lee and co-workres [44] reported that, CdS and ZnO can form a II-type semiconductor heterojunction, 

which can efficiently separate photo-generated electron–hole pairs in each material and reduce their 

recombination, and this was considered useful to enhance the PCE of (QDSSC). X. Song and co-workes [45] 

reported the effect of post-annealing on the conversion efficiency of solar cells sensitized by CdS quantum 

dots. The CdS quantum dots were deposited on ZnO nanowire arrays through a chemical bath deposition 

process. The thickness of CdS layer and the annealing temperature were found to be very crucial for the final 

performance of CdS/ZnO solar cells. The power conversion efficiency was improved significantly after 

annealing treatment, which can be attributed to the red-shift of the absorption edge of CdS quantum dots and 

the formation of a diffusion layer between the CdS shell and ZnO core. By the annealing treatment the light to 

electricity conversion efficiency was found to be 0.48%.  The earlier report of same method but without 

annealing [46] shows the conversion efficiency of 0.34%.  

        Chen et al. [47] used CBD to synthesize bilayer ZnO nanostructure on ITO glass in the alkaline 

solution. As revealed by X-ray diffraction (XRD) and scanning electron microscopy (SEM), the product 

consists of a layered structure of ZnO nanorods at the bottom and nanoflower atop. The as-prepared sample 

was assembled in QDSSC, which obtained the incident photon to current conversion efficiency (IPCE) of 15% 

at 400 nm and power conversion efficiency (PCE) of 0.45%. They concluded that, the novel bilayer ZnO 

nanostructure has the potential application in solar cell device as the photoelectode. 

      W. Lee et al.[48] formed CdS quantum dots (Q dots) on the vertically aligned ZnO nanorods electrode 

by CBD. The diameter and thickness of ZnO nanorods are about 100–150 nm and1.6 m, respectively, and 

CdS Q dots on ZnO nanorods have a diameter of smaller than 15 nm. In application of the Q dots sensitized 

solar cells, composite film exhibited a power conversion efficiency of 0.54% under air mass 1.5 conditions 

(80mW/cm2), and incident-photon-to-current conversion efficiency showed 18.6%. Lee and co-workers in his 

previous research work on use of Q dots in QSSCs [49-51], they describe a methodology for direct formation 

of CdS Q dots on ZnO nanorods by chemical bath deposition. Furthermore, CdS Q dots/ZnO nanorods films 

applied to Q dots-sensitized solar cells. Y. Tak et al. [52] reported the enhancement in PEC performance of 

SSSCs are due to their higher visible-light absorption capability and charge carrier transfer efficiency. 

Chen et al. [53] used CBD and sequential chemical bath deposition (S-CBD) methods to deposit CdS on 

ZnO mesoporous films for ZnO/CdS electrodes. The XRD analysis and UV–vis spectroscopy indicated that CBD 

deposition method leaded to the dissolving of ZnO mesoporous films in deposition solution and thickness 
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reduction of ZnO/CdS electrodes. Absorption in visible region by the ZnO/CdS electrodes with CdS deposition 

by S-CBD was enhanced as deposition cycles increased due to the stability of ZnO mesoporous films in the S-

CBD deposition solutions. The results of photocurrent–voltage (I–V) measurement showed that the 

performance of ZnO/CdS electrodes with CdS deposition by CBD first increased and then decreased as 

deposition time increased, and the greatest short-circuit current (Jsc) was obtained at the deposition time of 

4 min. The performance of ZnO/CdS electrodes with CdS deposition by S-CBD increased as deposition cycles 

increased, and both open-circuit voltage (Voc) and Jsc were greater than those electrodes with CdS deposition 

by CBD when the deposition cycles of S-CBD were 10 or greater. These results indicated that S-CBD is a more 

suitable method for high performance ZnO/CdS electrodes. 

Vanalakar et a. [54] reported CdS nanoparticles sensitized zinc oxide nanorod arrays in the two step 

deposition process at relatively low temperature. The vertically aligned ZnO nanorod arrays were grown on 

the conducting glass substrates (FTO) using aqueous chemical method, followed by the deposition of CdS 

nanoparticles at 70 °C using CBD technique. They reported that, when the CdS nanoparticles were coated on 

the ZnO nanorods, the optical absorption is enhanced and band edge is shifted towards visible region (525 

nm) as compared with ZnO (375 nm). The sample sensitized with CdS shows higher photoelectrochemical 

(PEC) performance with maximum short circuit current of (Isc) 2.60 mA/cm2. 

 

 

 

 

 

 

 

 

Fig. (6): a and c shows the SEM images of bare ZnO nanorod and CdS sensitized ZnO nanorods. Fig. 

b shows the photographs of ZnO (white) and CdS sensitized ZnO (yellow) thin films. Inset of Fig. a and 

c shows respective angle of contact. The angle of contact becomes acute after loading with CdS 

nanoparticles (Courtesy: Thin Film Materials Lab., Shivaji university, Kolhapur). 

 

Zhang et al. [55] reported a novel nanostructure heterojunction, which consists of the CuInSe2 

nanocrystals (NCs)/CdS quantum dots (QDs)/ZnO nanowire (NW) arrays, fabricated for photovoltaic 

applications. The ZnO NW arrays with high transmittance are used as a highly efficient channel for rapid 

collection of the carriers to reduce the charge recombination, as well as to increase the contact area of the 

heterojunction. The p-type CuInSe2 NCs are synthesized by a solvothermal method and then deposited on the 

CdS QDs coated ZnO NW arrays by an electrophoretic deposition technique. Results indicate that such a 

heterojunction configuration not only has high absorption for the incident light in the visible region but also 

can reduce the leakage current. Rawal et al. [56] reported vertically aligned one-dimensional (1D) ZnO 
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nanorods (NRs) in fabricating CdS/CdSe co-sensitized quantum dot sensitized solar cells (QDSSCs) by 

chemical bath deposition (CBD) method. It was found that the optimum thickness of CdS layer on ZnO NRs 

was quite different from that on TiO2 electrode: the optimized CdS layer was acquired by 9 cycles of CBD 

process, whereas 3 cycles were suitable for TiO2. The optimum thickness of CdS was 18 nm, and the 

ZnO/CdS(9)/CdSe(4)/ZnS(1) cell exhibited the photovoltaic conversion efficiency (η) of 1.33%. In the 

TiO2/CdS(3), the CdS QDs deposited on the surface of TiO2 is a particle-like structure and only 35% of the 

TiO2 surface was covered with CdS QDs, but, in the ZnO/CdS(3) and ZnO/CdS(9), CdS was uniformly coated 

on the ZnO surface with coverage of 91% and 99%, respectively. Presumably, thick and uniform CdS layer will 

have advantage in protecting the ZnO NR from the chemical attack by polysulfide electrolytes. 

Zhang et al., [57] reported ZnO porous thin films with nanowire structure were deposited by the one-

step electrochemical deposition method. A CdS layer was coated on the as-deposited ZnO nanowire thin films 

by successive ionic layer adsorption and reaction (SILAR) method to passivate surface states. Then the films 

were further sensitized by CdSe quantum dots (QDs) to serve as a photoanode for fabricating quantum dots-

sensitized solar cells (QDSSCs). The effect of the CdS interfacial passivation layer on the performance of the 

QDSSCs was systematically investigated by varying the SILAR cycle number and heating the passivation layer. 

The amorphous CdS layer with an optimized thickness can effectively suppress the recombination of the 

injected electrons with holes on QDs and the redox electrolyte. The newly formed CdS layer on the surface of 

the ZnO nanowire thin film obviously prolongs the electron lifetime in the passivated ZnO nanoporous thin 

film because of the lower surface trap density in the ZnO nanowires after CdS deposition, which is favorable 

to the higher short-circuit photocurrent density (Jsc). For the CdSe QDs-sensitized ZnO nanoporous thin film 

with the interfacial passivation layer, the Jsc and conversion efficiency can reach a maximum of 8.36 mA 

cm−2 and 2.36%, respectively. The conversion efficiency was improved by 83.47% compared with that of the 

cell based on the CdSe QDs-sensitized ZnO nanoporous thin film without CdS interfacial passivation (0.39%). 

Yin et al. [58] also reported CdS/CdSSe co-sensitization of ZnO thin films. They strategies employed to 

fabricate an efficient photoanode with ZnO nanowires (NWs) arrays and CdS–CdSe co-sensitizers.  CdS and 

CdSe layers were deposited on the surface of the ZnO NWs by a SILAR method according to the performance 

of the solar cells fabricated with the ZnO/CdS NWs and the ZnO/CdS/CdSe NWs arrays, respectively. The 

relationship between the thickness of the sensitizer layer and the performance of the devices was also 

discussed in detail. Transmission electron microscopy observation shows that ∼7 nm thick CdS layer and ∼5 

nm thick CdSe layer can be easily achieved on the ZnO NWs at an optimal deposition condition. UV–vis 

absorption spectra demonstrate that the light absorption range of the ZnO/CdS/CdSe NWs can be almost 

extended to the whole visible range. Through an optimization of the photoanode fabrication, which mainly 

includes the synthesis of the ZnO NWs arrays and the deposition of the CdS and CdSe layers, a short circuit 

current density as high as 18.63 mA/cm2 with an overall efficiency of 3.06% can be obtained for the resulting 

device. Raj et al. [59] reported power conversion efficiency ~4.1% using same strategy such as co 

sensitization of ZnO by CdS/CdSSe nanoparticles.  
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Bu et al. [60] reported the photoinduced current densities at a 0 V bias potential are 23.7 and 15.8 

mA/cm2 under the illumination of simulated sunlight and visible light, respectively for CdS sensitized ZnO 

thin films. The monochromatic incident photon-to-electron conversion efficiency values at the wavelength of 

380-520 nm are in the range of 50-60%, which indicated its high photoelectric conversion efficiency. The 

contribution from visible light is significantly higher than that from UV light. The prepared photoanodes in 

the present work exhibit a potential application in photoelectrochemical hydrogen production from water 

reduction under sunlight. Mukhopadhyay et a., [61] reported ZnO/CdS heterostructured nanocomposites 

fabricated with enhanced light harvesting capability and photostability using sequential sonochemical and 

hydrothermal methods from ZnO rods and particles. Interestingly, in the composite made up of CdS sensitized 

ZnO rods, both ZnO and CdS exist in the hexagonal wurtzite form with different morphologies. On the other 

hand, in the composite made up of CdS sensitized ZnO particles, ZnO exists in the hexagonal wurtzite form, 

whereas CdS in the cubic form but with a similar morphology. The apparent quantum yield of CdS was only 

1.2%, whereas the composites exhibited much higher quantum yields of 4.9% and 5.7%. Our results 

confirmed that the morphology of the host matrix ZnO played a crucial role in forming ZnO/CdS 

heterostructures with improved interface for the direct Z-scheme mechanism with enhanced hydrogen 

evolution efficiency.  

Recently, seol et al. [62] reported a novel CdSe/CdS/ZnO nanowire array fabricated by a 3-step 

solution-based method was used as a photoanode of a quantum dot sensitized solar cell, which generated a 

maximum power conversion efficiency of 4.15%. Qi et al. [63] reported the fabrication of CdS with ZnO 

nanowire arrays as the photoanodes. The CdS quantum dots sensitized ZnO-based solar cells exhibited a 

short-circuit current density (Jsc) of 3.1 mA/cm2, an open-circuit voltage (Voc) of 0.55 V and a photovoltaic 

conversion efficiency of 0.72%, which is much higher than that reported in literatures, under the illumination 

of one sun (AM 1.5, 100 mW/cm2) when the temperature of the ethanol solutions was 60 °C and ZnO arrays 

were sensitized for seven times. 

 

6. CONCLUSION AND PERSPECTIVES FOR FURTHER DEVELOPMENTS 

CdS is used as a buffer layer in the formation of solar cells devices based on CuInSe2, CuInGaSe2, 

CdTe. Recently, CdS nanoparticles are applied to Semiconductor Sensitized Solar Cells (SSSC) to improve the 

performance of wide band gap semiconductor materials. In SSSC, CdS nanoparticles form a layer on wide 

band gap semiconductors like ZnO, TiO2 which, having nanostructured morphology, consisting of nanorodes, 

nanotubes, etc. CdS nanoparticles thin layer would be helpful for significant improvement in photoresponse 

in the visible region of CdS/ZnO or CdS/TiO2 composite films. Also, the assemblies of low-dimensional 

building blocks (nanodots, nanowires, nanobelts, and nanotubes, etc.) into hierarchical architectures on 

various substrates have attracted great interest because of the demands for many practical applications in 

functional devices. Films with well-aligned ZnO nanorods or nanowires may exhibit much larger surface areas 

than ZnO films prepared from randomly oriented nanoparticles. Moreover, these nanorods are packed very 
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densely, enabling the fast and effective transport of electrons. However, it still remains a big challenge to 

develop simple and reliable synthetic methods for hierarchical architectures with controlled morphology, 

orientation, and surface architectures, which strongly affect the properties of nanostructured materials. 

The use of a semiconductor instead of a dye to sensitize the nanoporous oxide film received to impart 

some advantages to the cells, mainly higher absorption of the semiconductor coating compared with a single 

molecular layer of dye, greater stability of the semiconductor compared to organo-metallic or even pure 

organic dyes, and tailoring of optical absorption over a wider wavelength range than possible with dyes due 

both to the inherently wider band-gap range of semiconductors as well as the ability to tailor the band-gap by 

size quantization. However, inspite of these potential advantages, the solar efficiency of liquid junction SSSCs 

has reached only 2.8% at present. 

A surfeit of physical and chemical methods have been used for the synthesis of CdS, ZnO or CdS 

sensitized ZnO nanostructures including high temperature chemical and physical vapor depositions, RF 

magnetron sputtering, spray pyrolysis, chemical bath deposition, hydrothermal process, metalorganic vapor-

phase epitaxial growth, sol gel, etc. Chemical bath deposition is of particular interest due to low cost, 

environmental friendly, and feasibility of room temperature growth. It has been shown that CdS and ZnO thin 

films can be deposited by CBD and have high structural quality. We have demonstrated a soft chemical route 

that enabled the formation of the compact, large effective (photoactive) surface area and defect-free CdS, ZnO 

and CdS sensitized ZnO photoelectrods, suitable for PEC solar cells. 

The central idea of this work is to overview of simple and inexpensive CdS/ZnO thin films. Improving 

the efficiency of photoinduced charge separation and transport of charge carriers across these 

nanoassemblies remains a challenge. 
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ABSTRACT 

 In this paper I have reported studies carried out on design of LC component in a single ended SCR 

resonant converter using Fuzzy Logic. The results for the design of inductors and capacitor values for various 

output current values have been reported by taking output current as the fuzzy input variable where as 

inductors and capacitor values are taken as the fuzzy output variables. The inference scheme used in design is 

Mamdani type based on individual rule firing. Results obtained are in close concurrence with the results 

calculated by the conventional method. Fuzzification has been done by considering appropriate domains of 

input and output variables. Matlab fuzzy logic tool box is used to obtain crisp output and then results are 

compared. 

KEYWORDS: Fuzzy logic, single ended SCR resonant converter. 

 

INTRODUCTION 

There are several disadvantages while using linear power supplies. Many of these can be reduced or 

eliminated by the use regulated switching power supplies. Various topologies are available for switching 

regulators (1-5). The silicon controlled rectifier has been used in AC/DC inverters and DC/DC power supplies 

for more than 30 years(6,7). As SCRs are available with higher voltage and current ratings these are used for 

power supplies of over 1000 W. Recent SCRs can be operated reliably at switching frequencies over about 8 

to 10 KHz, can tolerate a large dV/dt across their output terminals even beyond the 10 to 20µs after their 

output currents had fallen to zero and a large rate of change of output current dI/dt at the instant of turn on.  

In single ended SCR resonant converter load is coupled to the series resonant circuit through an 

isolating transformer. The circuit is a series loaded circuit with through secondary load reflected into the 
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primary in series with the resonating elements. Basic operation is, when SCR is ON a half sine wave current 

flow though SCR and in next half sine wave current flow due to diode. The SCR and diode currents are 

rectified and summed by reflector diodes. The average of these secondary current pulses is equal to the DC 

output current. Direct-current output voltage regulation is accomplished by varying the triggering period to 

maintain a constant average output current and hence constant output voltage. 

For the LC component design following steps should be followed. The peak diode current is taken as 

one forth the SCR current. Then average current is calculated. The next step is to calculate output voltage at 

minimum output load resistance. After designing of transformer turns ratio the magnitudes of the resonant 

LC components are to be selected to yield the peak resonant currents previously considered.  

Conventional methods used in the designing involve mathematical calculations and in depth 

knowledge of all the parameters related to the design. Of late fuzzy logic has been successfully employed for 

the design and simulation problems in Electronics and found to give good results  (8,9,10). Visapurkar et al (11) 

have employed Fuzzy logic for regulator design while Mudholkar et al have employed Fuzzy logic for the 

design of transformer (8-12). In this communication I have reported the work carried out on design of LC 

Component in a single ended SCR resonant converter using fuzzy logic as case study.  

 

MATERIALS AND METHODS 

II DEVELOPMENT OF FUZZY MODULE 

Fuzzy Module for the LC Component design calculations in single ended SCR resonant converter is 

shown in fig.1 includes the following sub-modules. 

1.Fuzzification  

2.Knowledge Representation  

3.Inference Process  

4.Defuzzification  

II.1 Fuzzification: Output current is chosen as the input variable while the inductor and filter 

capacitor value forms output variables for fuzzification. Operating ranges of these variables have been 

decided appropriately from the knowledge of the data computed and proven design examples of the past. 

Fuzzification has been carried out using triangular membership functions over these practical ranges. Fuzzy 

sets so constructed have been designated meaningful linguistic values like “ Low [L]”,”Little Low[LL], Medium 

Low [ML],” “Medium High[MH]”, “ Little High [LH]”, “ High [H] ”. 

Sample membership function for input and output variables are as shown in figure 2.         

II.2 Knowledge representation: 

The knowledge pertaining to the LC component for single ended SCR resonant converter is 

structurally formulated in terms of IF-THEN action rules. These rules refer to the required information from 

database. The knowledge base thus comprises rule-base and database. 
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A. Database: The database furnishes required information stored in data-files to Fuzzification, Inference 

Engine and Defuzzification modules respectively. The database contains the following 

1.Membership functions representing the meaning of linguistic values of filter design parameters.  

2.Labels of fuzzy sets representing linguistic variables  

3.Operating ranges of linguistic variables. 

Variables used in designing are given in table1, table2, and table 3. 

B. Rule-base Knowledge of the field-expert has been formulated by fuzzy inference rules. These rules are 

taken from studies of proved design examples. Table-4 gives typical set of rules.  

Firing process is initiated upon inputting the value of output current and calculation process of capacitor and 

inductor design for single ended SCR resonant converter then initiates the fuzzy inference process. 

 

II.3 Fuzzy inference The inference scheme employed in calculation of capacitor and inductor  design for 

single ended SCR resonant converter is based on individual rule firing of Mamadani type. Here contribution 

from each rule fired is evaluated and overall decision is derived. During inference process each rule is 

individually fired by a crisp value of output current, and fuzzification module determines degrees of 

satisfaction of rules. This generates clipped fuzzy sets (CFS) representing overall error-parameter value. The 

process of inference is shown in fig 3. 

 

II.4 Defuzzification: Defuzzification process of clipped fuzzy sets generated in the fuzzy process renders a 

single crisp value of error-parameter, which represents the overall fuzzy outcome of the system. Many 

defuzzification methods are available, five defuzzification methods(13,14) namely Centroid of Area method, 

Bisector of Area method, Mean of Maximum method, Largest of Maximum method and Smallest of Maximum 

method have been employed for capacitor and inductor design calculations(15), the results of which have been 

tabulated. 

 

RESULT 

Sample results are tabulated in table 5 and table 6. 

Table 1 : Range for output Current [19  21.8] 

Sr. No. Variable Parameters 

1 L 19            19.4       19.8 

2 LL 19.4         19.8       20.2  

3 ML 19.8         20.2       20.6 

4 MH 20.2         20.6       21 

5 LH 20.6         21          21.4 

6 H 21            21.4       21.8 
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Table 2 : Range for Capacitor in µF [0.0218 0.025] 

Sr. No. Variable Parameters 

1 L 0.0218       0.0222        0.0227 

2 LL 0.0222       0.0227        0.0232 

3 ML 0.0227       0.0232        0.0236 

4 MH 0.0232       0.0236        0.0241 

5 LH 0.0236       0.0241        0.0245 

6 H 0.0241       0.0245        0.025 

 

 

Table 3 : Range for Inductor in µh[260. 25    298.78 ] 

Sr. No. Variable Parameters 

1 H 298.78      291.76      286.33 

2 LH 291.76      286.33      281.08 

3 MH 286.33      281.08      274.86 

4 ML 281.08      274.86      270.53 

5 LL 274.86      270.53      264.74 

6 L 270.53      264.74      260.25 

 

 

Table 4: Set of rules 

 Output current is  Capacitor 

 

 Inductor 

 

 

 

If 

L  

 

 

Then 

L  

 

 

and 

H 

LL LL LH 

ML ML MH 

MH MH ML 

LH LH LL 

H H L 
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Table 5: For Capacitor 

 Defuzzification methods 

Current Centroid Bisector Mom Lom Som 

19 0.0218 0.0218 0.0216 0.0216 0.0216 

19.4 0.0222 0.0222 0.0221 0.0223 0.0220 

19.8 0.0226 0.0226 0.0222 0.0224 0.0219 

20.2 0.0232 0.0231 0.0231 0.0232 0.0230 

20.6 0.0236 0.0237 0.0237 0.0238 0.0236 

21 0.0241 0.0242 0.0245 0.0248 0.0242 

21.4 0.0245 0.0245 0.0245 0.0247 0.0243 

21.8 0.0250 0.0250 0.0252 0.0252 0.0252 

 

Table 6: For Inductor 

 Defuzzification methods 

Current Centroid Bisector Mom Lom Som 

19 297.86 298.33 300.5 300.5 300.5 

19.4 290.62 290.06 289.41 291.80 287.02 

19.8 287.51 287.89 289.41 293.11 285.71 

20.2 281.04 282.23 283.10 283.97 282.23 

20.6 275.49 274.84 273.97 274.84 273.01 

21 269.03 268.31 265.05 268.31 261.79 

21.4 264.93 264.83 264.83 267.00 262.66 

21.8 259.86 259.61 257.00 257.00 257.00 

 

Fig.1: General schematic of Fuzzy Module 
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Fig 2: Membership function for input and output variables 

 

 

 

Fig3: Fuzzy Inference and Defuzzification 
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CONCLUSION 

1. Results of capacitor and inductor design calculations from all these methods are comparable but results 

from centroid method are in good agreement with the theoretical design values. 

2. The results agree nicely if further tuning of membership function is carried out. 
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ABSTRACT 

 Nanocrystaline Cu1-xNixFe2O4 (where x = 0, 0.25, 0.50, 0.75, 1) sample were prepared by sol-gel 

autocombustion method using citrate–nitrate precursors. X-ray diffraction (XRD) and transmission electron 

microscopy (TEM) were effectively utilized to investigate the different structural parameters. XRD showed 

single cubic spinel phase for the samples. The nanosize of the synthesized material had been identified by 

TEM investigation and which is 20nm. The photocatalytic activity of Cu1-xNixFe2O4 was studied in presence of 

ultra violet light. After 3hrs NiFe2O4 shows good photocatalytic performance for degradation of Rhodamine B 

dye. But better photocatalytic performance was occurs at 0.10g Pd loaded NiFe2O4 catalyst varying from 

0.020g to 0.10g at natural pH (7) with 10ppm Rhodamine B solution. 

KEY WORDS: Sol-gel auto-combustion, XRD, TEM, Photocatalysis. 

 

INTRODUCTION 

 The heterogeneous photocatalysis for total oxidation of organic and inorganic water and air 

pollutants has been studied extensively during the last 20 years [1–6]. Irradiation of semi-conductors in 

suspension or fixed to various supports, in aqueous solutions containing organic pollutants, creates a redox 

environment which is able to destroy these pollutants. The removal of pollutants from wastewater is of great 

concern, because their complete biodegradation requires several days or weeks. Advanced oxidation 

mailto:sanadikishor@gmail.com


EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 65 
 

processes (AOPs) are efficient treatment methods owing to their ability of complete degradation of wide 

range of organic pollutants. 

 Semiconductor mediated photocatalysis is fast emerging and important technology for the treatment 

of organic contaminants in wastewater [1-4].Wastewater is any water that has been adversely affected in 

quality by anthropogenic influence. It comprises liquid waste discharged by domestic residences, commercial 

properties, industry, and agriculture and can encompass a wide range of potential contaminants and 

concentrations. 

 Large-scale applications of ferrites with small particles and tailoring of specific properties have 

prompted the development of widely used chemical methods, including hydrothermal [10], sonochemical 

reactions [17], sol-gel methods[18], microwave plasma [19], co-precipitation [20], microemulsion methods 

[21], citrate precursor techniques [22] and mechanical alloying [23] for the fabrication of stoichiometric and 

chemically pure spinel ferrite nanoparticles. The sol-gel methods is one of the most commonly used 

techniques owing to its economics and high degree of compositional control. 

 In the present investigation we have prepared Cu1-xNixFe2O4 ferrites by sol-gel auto-combustion 

method and study of their structural and photocatalytic activities were carried out.  

 

 

EXPERIMENTAL 

Sample preparation 

Polycrystalline powders of Cu1-xNixFe2O4 were prepared by sol-gel auto-combustion method. The A.R. 

grade citric acid (C6H8O7.H2O), copper nitrate [Cu(NO3)2.6H2O] nickel nitrate [Ni(NO3)2.5H2O] and ferric nitrate 

[Fe (NO3)3.9H2O] were used as starting materials. The molar ratio of metal nitrates to citric acid was taken as 

1:3. The metal nitrates were dissolved together in a minimum amount of double distilled water to get a clear 

solution. An aqueous solution of citric acid was mixed with metal nitrates solutions, and then ammonia 

solution was slowly added to adjust the pH at 9.5. The mixed solution was kept on to a hot plate and the 

solution is continuously stirred at 363 K. During evaporation, the solution becomes viscous and finally 

converts into a very viscous brown gel. When all water molecules were removed from the mixture, the 

viscous gel begins to froth. After few minutes, the gel automatically ignites and burns with glowing flints. The 

ignition reaction does not stop until the whole citrate complex gets consumed. The auto-ignition gets 

completed within a minute, yielding the brown colored ash which is termed as precursor. The as-prepared 

precursors of the samples were heat treated separately at 973 K for 8h to get final product. 

 

Characterization 

Philips PW1710 X-ray diffractometer with Cr kά radiation (2.2997Ao) was used to study the lattice 

parameter, average grain size and phase of the product. The X-ray powder diffractometer was operated at 60 

kV and 40 mA at a 2θ range of 20-80o using a step size of 0.02 and a speed of 5 o/min.  The nanometric 
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particle size was analyzed by using a transition electron microscope (TEM). The degradation experiment was 

conducted in a semi-batch photocatalytic reactor with initial concentration of RB 10mg/L. The photocatalytic 

reactor is made of pyrex glass equipped with a magnetic stirring bar and a water circulating jacket. The UV 

lamp (125W) is placed at the center of the annulus photo-reactor.  

 

RESULTS AND DISCUSSION 

X-ray diffraction (XRD) studies 

 The structural characterization of the final ferrite powders were carried out from the X-ray 

diffraction data. Fig.1 shows the x-ray diffractograms of Cu1-xNixFe2O4 with x = 0.0; 0.25: 0.50: 0.75:1.0 

samples. The XRD patterns clearly indicate that the prepared sample contain cubic spinel structure only. The 

average crystallite size (D) was calculated from the full width at half maximum (FWHM) of the most intense 

peak (311) by using the Scherrer’s formula [20]. 

                        D =0.9λ/βcosθ 

      Where β is the FWHM of the most intense peak (311) and θ is the Bragg angle for the (311) peak. The 

sizes of crystallites in the sample were evaluated by using Scherrer’s formula which lies between 18nm to 

29nm. The results are shown in Table 1. 

 

Fig.1.XRD patterns of the system Cu1-xNixFe2O4 

(Where x = 0.0; 0.25; 0.50; 0.75; 1.0) 

              The close examinations of the XRD patterns (Fig.1) revealed that the diffraction peaks become 

broader with increasing nickel content in Cu1-xNixFe2O4. This suggests that the crystallite size increases with 

increase in nickel content [21]. The values of lattice constants were obtained for all the samples using XRD 

data and the values of lattice constants are listed in Table 1. It is observed from Table 1 that the lattice 

constants increase with increasing nickel content in the studied composition. This can be attributed to the 

difference in ionic radius of Ni+2(0.74AO) and Cu+2 (0.57AO). Similar trends in variation of crystallite size and 

lattice constants were also reported in manganese substituted lithium ferrite [21]. The X-ray density (dx) was 

calculated using the following relation and they are also included in Table 1. 

                                             dx = 8M/Na3.  

Where N = Avogadro’s number (6.023 x 1023 atom/mole) M = Molecular weight. a = lattice constants.  
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Table.1. Lattice constant, Crystallite size and X-ray density of the system Cu1-xNixFe2O4 

       

 

 

  

 

 

 

 

 

TEM investigation 

                The typical TEM images of the as-prepared samples obtained after heat treatment at 700 oC for 

8h exhibited the morphology of sintered ellipsoid as shown in Figs.2 (a-b). Due to calcinations at 700 oC, the 

agglomeration has formed. Because of agglomeration during calcinations period at 700 oC and magnetic 

interaction between the particles, the effective diameter of ferrite powder is in the range of 20-25 nm. It 

agrees well with the crystallite size of CuNi ferrite obtained after heat-treatment at 700 oC for 8h from XRD 

data.  

                                                              

 

Fig.2.a                                                   Fig.2.b 

Fig.2 (a, b).TEM micrographs of Cu1-xNixFe2O4 ( where x = 0.0; 1.0) respectively 

 

Photocatalytic Activity 

 The photodecomposition of Rhodamine B with respect to irradiation time for the system Cu1-

xNixFe2O4 is shown in the Fig.3 (a). From fig. it reveals that copper ferrite shows 64%, and nickel ferrite shows 

77% degradation of Rhodamine B within 150 min of irradiation time. The photodegradation response of Cu1-

xNixFe2O4 increases as nickel content increases and is more than copper ferrite. Reason is that the absorption 

band of nickel ferrite semiconductor is wider than the band gap of copper ferrite. So NiFe2O4 has been 

Sr. No. Compound 

(x) 

Lattice Constants 

(Å) 

Crystallite Size 

(nm) 

X – ray density 

(dx) 

1 x = 0.0 8.33 18.4 5.442 

2 x = 0.25 8.34 21.5 5.393 

3 x = 0.50 8.36 24.9 5.351 

4 x = 0.75 8.37 26.2 5.275 

5 x  = 1.0 8.38 29.1 5.218 
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considered as an optimized catalyst for palladium loading for degradation of RB Dye. In order to determine 

the optimal amount of catalyst dose, a series of experiments were carried out using different concentrations 

of Pd loading on NixFe2O4 catalyst varying from 0.020g to 0.10g at natural pH (7.86) with 10ppm RB solution 

which was shown in fig 6.9(b). Maximum Mineralization 95 % has been observed at 0.10g and 85% at 0.020g 

in UV light after 25 min. The enhancement of the removal rate is due to the increase in the amount of catalyst 

weight which increases the number of active sites available on the catalyst surface for the reaction. 

 

 

Fig.3 (a) photocatalytic degradation of 

Rhodamine B by Cu1-xNixFe2O4 (0 ≤ X ≤ 1) 

 

Fig.3 (b) photocatalytic degradation of 

Rhodamine B by Pd loading NiFe2O4 

 

 

CONCLUSION 

 A series of nickel substituted copper ferrite were synthesized by the pH controlled sol-gel auto-

combustion method. The crystal structures of all samples are cubic spinel. The lattice parameter ‘a’ and the 

X-ray density increases with increasing Ni content. The TEM studies show average 20-25 nm particle size. 

The photocatalytic activity of Co1-xNixFe2O4 (0 ≤ X ≤ 1) was studied in presence of U.V. light. The 

composition Pd loaded NiFe2O4 shows better catalytic performance for degradation of Rhodamine B dye. 
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ABSTRACT 

Titania based nanocomposites of mixed metal oxides have attracted attention due to their 

applications as gas sensing materials. Among various metal oxides titanium dioxide is ubiquitous 

component because of its versatile physio-chemical properties. However, titanium dioxide is active only in 

the presence of ultraviolet light and restricts its applications under visible light irradiation due to its wide 

band gap (3.0-3.2 eV). In order to overcome this drawback associated with TiO2, narrow band gap 

semiconductor metal oxides are coupled with it. This significantly decreases the optical band gap of TiO2. 

This work aims to put focus on preparative methods available to couple nanosized TiO2 with nanosized 

metal oxides (MxOY) and also on different gas sensing applications of these nanocomposites. 

KEYWORDS: Mixed metal oxides, nanocomposite, gas sensing, sol-gel synthesis. 

 

INTRODUCTION 

A nanocomposite is defined as a combination of two or more materials in nanoscale (less than 100 

nm) with different physical and chemical properties and distinguishable interphase. The mechanical, 

electrical, thermal, optical, electrochemical, catalytic properties of the nanocomposites will differ markedly 

from that of the component materials [1-3]. Coupling metal oxide with TiO2 may result in enhanced optical 

properties, dielectric properties, heat resistance or mechanical properties such as stiffness, strength and 

resistance to wear and damage [4, 5]. 
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In recent years, nanocrystalline oxides have proved to be useful to chemists in the laboratory and 

industry due to the good activation of adsorbed compounds and reaction rate enhancement, selectivity, 

easier work-up, recyclability of the supports and the eco-friendly reaction conditions. Also the practical 

applications of nanocomposite metal oxides as catalysts in organic synthesis have been increased due to 

their high catalytic activity because of high surface area [6]. Titanium dioxide nanoparticles are chemically 

inert, environmental benign in nature, and economical material.  

TiO2 is used in various applications such as catalysis, energy conversion, optics, sensing, etc. TiO2 

exists in three different forms such as anatase, rutile and brookite. The brookite phase is unstable at high 

temperature and therefore practically not so useful. The rutile and anatase phases of TiO2 are quite stable at 

high temperature; which having optical band gap is around 3.0-3.2 eV. Anatase TiO2 is commonly useful for 

degradation of most of the highly toxic organic moieties in the presence of UV light only. It was also used for 

antimicrobial activity, purification of air, water disinfection [7-9].  

Different strategies have been made to improve photoactivity of TiO2 such as the use of elements or 

compounds as additive supplements and post thermal treatments, doping of material by metals, non-

metals, metal chalcogenides which acts as sink for photogenrated electrons and holes thereby retarding 

recombination rate, which influences its physicochemical properties. Among these methods, making 

composite with other metal oxide/sulphide is the best method found in literature survey to improve its 

optical response in visible range. Usually, TiO2 is coupled with a narrow band gap material of type MxSy or 

MxOy. There are various systems related to these composites such as TiO2/CdS, TiO2/CdSe, TiO2/ZnO, 

TiO2/WO3, TiO2/FexOy , etc [10-15]. 

 

ELECTRONIC AND STRUCTURAL PROPERTIES OF TiO2 

As TiO2 is electronically semiconducting in nature, two reactions were occurred simultaneously on 

its surface, i) oxidation reactions due to photogenerated holes on the valence band and ii) reduction 

reactions due to photogenerated electrons on the conduction band. 

Comparative chart illustrating band gap in eV in different metal oxide semiconductors is as below, 

Semiconductor Band gap(eV) Wavelength(nm) Light absorption 

TiO2 3.2 387 UV 

SnO2 3.8 318 UV 

ZnO2 3.2 387 UV 

WO3 2.8 443 Visible 

Fe2O3 2.2 750 Visible 

  Loss of small amount of oxygen from lattice sites, makes TiO2 as an n-type semiconductor [16]. 

Amongst the three different crystal forms: anatase, rutile and brookite[17], anatase is most important 

crystal form, in the preparation of coupled MxOy/TiO2 photoactivated nanocomposites. Anatase phase is 

obtained in the temperature range of 350oC-450oC. On heating, it will be converted into rutile phase above 
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450oC. Anatase and rutile crystal forms have relatively high band gaps 3.2eV and 3.0eV respectively; this 

reduces photoactivity of TiO2 in visible region. Thus, synthesis of visible light active TiO2 (coupled or bare) 

requires, engineering the band gap to less than 3.0 eV.  

 

GAS SENSING APPLICATIONS OF MXOY /TiO2 AND ITS POTENTIALITY 

MxOy/TiO2 systems have recently attracted a considerable attention in the field of gas detection due 

to their remarkable sensing capabilities [18]. Combining two or more metal oxides, for examples, 

TiO2/SnO2, SnO2/In2O3, TiO2/SnO2/In2O3, with different electronic properties, such as electron affinity and 

work function or with different type of doping in order to form p–n junction were improved the kinetics of 

sensor response [19-20]. With varying composition of WO3 in TiO2, it was designed sensitive, selective and 

reliable TiO2-based sensors [21- 26]. Fe2O3/SnO2 and Fe2O3/TiO2 based materials were showed high 

sensitivity to ethanol, NO2, CO and CH4 [27]. Gas sensors based on the Fe2O3–ZnO and Fe2O3-In2O3 

nanocomposites with different compositions of Fe:Zn and Fe:In, respectively, were prepared by a sol–gel 

and spin-coating method. These nanocomposites showed excellent sensitivity and selectivity to NH3, 

C2H5OH, NO2, etc. [28].  

Nanostructured ZnO thin film sensors were used for monitoring pollutant NO2 gas responsible for 

acid rain [29]. TiO2 thin films were also fabricated by some workers in order to counter ammonia vapours 

present in environment [30]. Performance of polyaniline-titania nanocomposite to recognize ammonia at 

room temperature was also been investigated [31]. TiO2/SnO2 nanocomposites prepared by mechanical 

mixing of TiO2 and SnO2 nanopowders with different specific surface area SSA = 150.9 m2/g (TiO2) and SSA 

= 18.3 m2/g (SnO2) respectively [32]. Hazardous NO2 gas can be recognized by WO3/SnO2 nanocomposites 

prepared by a controlled two step sol precipitation method using tin chloride and ammonium 

metatungstate hydrate as precursors [33]. Polycrystalline WO3 nanofibres fabricated by sol-gel method 

showed good performance to sense ammonia vapours present in environment [34].      

 

SYNTHESIS ASPECTS OF MXOY /TiO2 NANOCOMPOSITES 

 The preparation of catalyst with sufficient high specific area is one of the major challenges in front 

of researchers. Thus, different physico-chemical deposition methods have been used by different workers. 

These methods include hydrothermal synthesis, chemical vapour deposition, pulsed laser deposition, 

magnetic sputtering, nitrogen plasma, sol-gel etc.[35-36]. 

 The synthesis of mixed metal oxide nanocomposites will be carried out by using chemical methods. 

These methods include sol-gel, solvothermal or co-precipitation techniques. From the review of relevant 

literature, it has been observed that the mixed metal oxide nanocomposites showed good potential in 

catalysing various organic reactions like reduction of nitro compounds, oxidation of phenols, alcohols, 

photodegradation of hazardous organic dyes present in water streams. These composites are also 

effectively useful in the gas sensing applications. In order to prepare proposed nanoparticles fulfilling 

above mentioned applications, the chemical method is found to be more suitable than other physical 

techniques such as spray pyrolysis, sputtering, laser ablation etc. because of its easier workup for the 
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synthesis of nanometer sized crystalline powders of high purity at low temperature. During the synthesis, 

the various preparative parameters such as temperature, concentration of reactants, capping agents will 

have to be taking into consideration for forming desired structural, morphological,  opto-electronic 

properties of nanocomposites.  

 

TOXICITY ASPECTS OF MXOY/TiO2 NANOCOMPOSITES 

 Despite of large number of catalytic applications of MxOy/TiO2 nanocomposite, they are also one of 

the most important emerging class of contaminants [37, 38]. The global production of nanoscale TiO2 

increases up to 5000 tons from 2000 tons, from the year 2005 to 2010 [39]. The higher concentrations of 

nano-size TiO2 materials have been reached in surface water and cause damage to aquatic ecosystems [40]. 

The TiO2 materials could diffuse in the aquatic environment, due to its small size, during the process of 

photocatalysis and interact with living organisms. This major drawback limits the use of nano-sized 

MxOy/TiO for catalytic applications at large scale. 

 In order to prevent such ecological damage, research should be focused on the development of 

preparation methods to increase the photostability of the material.  

 

CONCLUSION 

This review highlights the importance of TiO2 photocatalyst for catalytic applications. As it has 

been stated that, a number of research studies have focused on the development of a new TiO2 

photocatalyst able to absorb visible light as a main part of solar spectrum. The limitations of pure TiO2, 

which require the use of UV light and its high photogenerated electrons and holes recombination rate, can 

be overcome by introducing foreign species into the titanium dioxide matrix. The coupling TiO2 with other 

semiconductors is the major approach that have been reviewed. Till today, the successful applications of 

TiO2 photocatalyst under visible light were carried out at the laboratory scale. Future research should be 

focused on the use of novel TiO2 photocatalyst (coupled TiO2 or photosensitization TiO2) for large scale 

applications. 
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ABSTRACT 

This research analyzed the effect of organic fertilizer on the greenhouse gas emission, including 

carbon dioxide, methane, and nitrous oxide emitted from green house farming. Sweet Corn variety of maize 

plant was planted in green house farms in study area. It was divided into four different sectors such as 

control plots without added fertilizer, plots with the addition of organic fertilizer (cow manure), plots with 

the addition of organic fertilizer pellets and plots with the addition of chemical fertilizers. The results 

showed that the carbon dioxide, methane and nitrous oxide emission rates in the chemical fertilizer plot 

were the highest at 497.11, 1.81and 1.19 mg/m2/day, respectively. The second highest levels were with the 

addition of manure at 381.54, 1.44 and0.79 mg/m2/day, respectively. To reduce greenhouse gas emissions 

from green house farming, it is recommended that organic fertilizer must be utilized instead of chemical 

fertilizer, which also has  good benefit on the health of farmers. 

KEY WORDS: Global warming, Chemical fertilizers, Greenhouse gas, Organic Fertilizer, Farming. 

 

INTRODUCTION 

The literature survey reveals that, Green house farming were the highest producers of gases like 

carbon dioxide, methane, nitrous oxide, hydro fluorocarbon, per fluorocarbon and sulfur hexafluoride. The 

India, as an agricultural country, average amount of total gases emitted per year causing Global warming is  

57.7%12.The study showed that the amount of carbon dioxide emitted by the transportation sector was 

229.08 million tons8, constituting 69.9% of the total amount of greenhouse gases, whereas the agricultural 
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sector ranked second for greenhouse gas production, contributing 22.6%.In general comparatively 

methane gas more easily absorbs infrared rays than carbon dioxide per volume which is the most prevalent 

greenhouse gas emission in the Green house farming, as it evolves under anaerobic conditions and through 

organic decomposition. Nitrous oxide results from the general use of nitrogeneous fertilizers, which 

decompose into nitrous oxide through the denitrification process caused by over irrigation or in rainy 

season6.Thus, this study focused on the use of organic fertilizers instead of chemical fertilizers in Green 

house farming to reduce global warming by reducing greenhouse gas emission. 

 

 

MATERIAL AND METHODS 

Plot Preparations: Organic farming fields belonging to Sweet corn (maize variety), from Kadegaon 

Tehsil of Sangli District were used for the experimental work. Each plot of 20x20 meters was prepared 

which involved plowing to a depth not exceeding 30 centimeters and constructing a ridge in each plot to 

prevent thecontamination or overflow of water from adjacent plots. The seeding preparation is done as 

usual procedure adopted by the farmers and harvested and transplanted to the experimental plots under 

study. 

 

Fertilizer Preparation: The fertilizers used included organic fertilizer which was obtained from non 

contaminated Sources, pellet organic fertilizer, and chemical fertilizer (formulas 16-20-0 and 46- 0-0). A 

random sampling of all of the fertilizers was performed to analyze for acid-forming or nonacid-forming 

properties, pH, moisture content, total nitrogen, the C/N ratio and total organic carbon. 

 

Planting and Maintenance: The planting was divided into two stages:  

1. The first stage was to plant seeds in small plots bysowing the seeds and allowing them to sprout for 

30 days 

2.The second stage was to harvest and replant into experimental plots. A water level of 5-10 

centimeters was maintained throughout the experiment. 

 

Application of Fertilizers: The conditions for each experimental plot were as follows:  

1.Plot withoutfertilizer 

2.Plot with added cow manure as a OrganicFertilizer during the plot preparation at a rate of 3.13 

ton/ha, at 60 daysafter transplantation at a rate of 1.88 ton/ and the addition of 1.25 ton/ha at the 

maturation and final stages 

 3.Initially adding pellet organic fertilizer during the farming field preparation at a rate of 0.13 ton/ha, 

adding pellet organic fertilizer at the vegetative stage at a rate of 0.13 ton/ha or after 60 days of 

transplanting the seedlings and adding pellet organic fertilizer at a rate of 0.06 ton/ha at the maturation 

stage  
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4.Adding chemical fertilizer, formula 16-20-0, during the initial stage at a rate of 0.19 ton/ha and 

adding chemical fertilizer formula 46- 0-0 at a rate of 0.05 ton/ha at the vegetative stageand 0.05 ton/ha at 

the maturation stage. 

 

Sample Collection and Analysis: The air was sampled during the following 9 stages: before planting, 

initial stage, vegetative stage, panicle-formation stage and maturation stage. Air samples were collected in a 

canister using the following sampling method. The chamber used was 0.6 meters wide, 0.6 meters long and 

0.8 meters high, with an area of 0.29 cubic meters. Prior to the sampling period, the chamber was placed in 

the plots and an air pump was used to draw an air sample, which was stored in a sample bag. The air 

samples were analyzed for CO2and CH4 using Gas chromatography and N2O was analyzed using flourier 

transform infrared spectroscopy (FTIR). TheConcentration of greenhouse gas was analyzed for flux using 

the following equation4 

 

Where, F = Flux value for each gas (mg/m2/hr) 

BV = Volume inside the plastic box at a point located above the flooding level (cm3) 

B.P = Ambient Pressure at that time (mm Hg) 

MW= Molecular weight for each gas 

T = Temperature of the air in the box (0C) 

A = Cross Section of the box (m2) 

dC = Differential concentration of each gas at time zero and t (minute) 

dt = Contact time (minute) 

 

Statistical Analysis: The Variation in emissionof CO2, CH4 and N2O emission data from the experiment 

was analyzed using ANOVA, and the differences of the data were compared using Duncan’s new multiple 

range Test (DMRT). The statistical analysis was implemented. 

 

RESULTS AND DISCUSSION 

Quantity of Greenhouse Gas Emission: Different fertilizers were used for the experiment:organic 

fertilizer (cow manure), pellet organicfertilizer and chemical fertilizer (formulas 16-20-0 and 46-0-0). Both 

the organic fertilizer (cowmanure) and pellet organic fertilizer, composedof N, Pand K,were expected to 

affect the greenhouse gasemissions due to agricultural activity. The overallanalysis concluded that the 

CO2,CH4 & N2O were emitted atstatistically significant differences (P<0.05).Detail of the greenhouse gas 

emission is shown in Table 1.  

Emission of CO2: Plots with the added chemical fertilizer emitted the most CO2gas, averaging 

497.11mg/m2/day. The lowest was found in the fields that contained cow manure as aadded organic 
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fertilizer. The organic fertilizer pellet plot and control plot emitted CO2 gas at rates381.54, 268.65and 

258.69 mg/m2/day, respectively. The CO2 emission rates were not statistically significant different; 

however, the results of this study indicate that the addition of fertilizer in the plots under study increases 

the CO2 emission rates. TheCO2 emission is generated by organic decomposition in the soil under aerobic 

conditions. Hence, a high quantity of organic matter is an important factor in increasing CO2emissions, 

which corresponds tothe total density of fertilizer9by varying the ratio for organic farming:The N: P2O5 ratio 

was varied at a level of 9.6:9.6 and 28.8:28.8, and the results indicated that the soil density increases from 

1.15 gram per cubic meter to 1.39 gram per cubic meter when the ratio is increased. When adding fertilizer 

to the soil, both the nitrogen and soil density will increase. In the present study, the quantity of CO2 in each 

plot experiment found that CO2 emitted through  Sweet corn plantas a maize variety. The panicle-formation 

stage displayed the highest CO2 level, after the plot with added chemical fertilizer, which had the highest 

CO2 emission during the harvest period. This finding corresponds to Redeker’s 4research, which indicated 

that plants of the Chainat variety had the highest emission rate (539.6 mg/m2/day) during the 

panicleformationstage. 

 

Methane Emissions: The methane emission quantity shows that, adding fertilizer in each plot affected 

the methane emissions. The highest rate of CH4emission occurred in the plot with the added chemical 

fertilizer and measured an average rate of 1.81 mg/m2/day. The plot with the added cow manure as 

aorganic fertilizer and organic fertilizer pellets emitted at the average rate of 1.44 and 1.38 mg/m2/day, 

respectively. In addition, the control plot emitted the lowest CH4 gaslevel, at the rate of 1.23 mg/m2/day. 

Most of the CH4 gas emitted by the field was generated by the microbiological decomposition in the soil. It 

was also found that the plants in each growth stage has a statistically significant difference in the emission 

rate (P<0.05). When compared with the CH4 gas emission rate of each plot during the maize growth stages, 

we found that the maize as a sweet corn varietyin the vegetative stages had the highest emission rate. In 

addition, the plot with the added chemical fertilizer had the highest CH4 gas emission rate, at 3.03 

mg/m2/day. The ranking order for the CH4 gas emission rate is the plot with added organic fertilizer pellets, 

the cow manure as a organic fertilizer and the control plot, at 2.88, 1.68 and 1.03 mg/m2/day, respectively. 

A similar study by Ying and Tai 14evaluated the CH4 gas emission from pre-germinated direct-seeded 

lowland maize of different seed varieties combined with water management and chemical fertilizer 

addition during out-of-season maize growth. The results of the present study showed that the highest CH4 

gas emission rate was generated during the plant growth between 16-40 days or by the plant in the 

vegetative stage. 

 

Emission of N2O: The control plot, added cow manure as a organic fertilizer plot and organic fertilizer 

pellet plot emitted N2O at averages of 0.25, 0.79 and 0.47 mg/m2/day, respectively. The plot with added 

chemical fertilizer emitted the most N2O gas during the maize season, at a rate of 1.19 mg/m2/day. In 

addition, adding fertilizer increased the N2O gas emissions.A finding that was especially noted in the plot 

with the chemical fertilizer. The N2O gas emission was directly affected by the chemical fertilizer 
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component, the N:P:K ratio of 16:20:0 and 46:0:0, which corresponds to Stevenson and Cole5who studied 

the use of fertilizer with a high nitrogen component in agriculture, reporting higher amounts of N2O gas 

emissions. Moreover, the comparison of the N2O gas emission rate during each maize growth stage found 

that the plants in the vegetative stage emitted the highest amount of N2O gas. In addition, newly germinated 

maize seedlings depend on large quantities of nutrients for strong and complete2growth. Hence, fertilizer 

formula 46-0-0 was added to the paddy field, and the results showed that the nitrous oxide emission was 

the highestduring the vegetative stage because the high quantity of nitrogen in the fertilizer increased the 

nitrous oxide emission rate. The application of fertilizer increased the greenhouse gas emission during 

maize cultivation. The plot with the added chemical fertilizer formulas, 16-20-0 and 46-0-0, which are 

considered appropriate for maize growth10, increased some of the greenhouse gas emissions. The highest 

levels of CO2 gas emission (37.64%), CH4 gas emission (32.65%) and N2O gas (44.83%) of the total 

greenhousegas emissions during the growth are illustrated in Table 2. 

The application of chemical fertilizer caused higher greenhouse gas emissions than theorganic 

fertilizer because chemical fertilizers indirectly affect soil reactions, resulting in microbial changes that 

slow the decomposition of organic substances and increase the accumulation of organic substances in the 

soil. Moreover, the increase in organic substances contained in the soil raises the amount of CH4 gas that 

will be emitted 10. In addition, the denitrification process will be initiated, whereby nitrate is converted to 

nitrogen gas under anaerobic conditions by micro-organisms in the soil12. Therefore, to reduce greenhouse 

gas emissions due to organic farming, agriculturists should add organic fertilizer instead of chemical 

fertilizer, which would also afford benefits to the health of the agriculturists. However, it may be difficult for 

agriculturists to switch to organic fertilizer because chemical fertilizer results in good production and many 

individuals neglect to consider the negative effects on the environment. Based on this research, the highest 

maize production occurred under the treatment of added organic fertilizer (cow manure), and the 

remaining ranking order was paddy fields with added chemical fertilizer, pellet organic fertilizerand the 

control plots, respectively; the production for each field was 3.59, 3.34, 2.71 and 2.00 ton/ha, respectively. 

To promote the use of organic fertilizer, relevant agencies shouldprovide information that is relevant to 

environmental effects and health impacts on boththe producer and consumer. Moreover, such guidance for 

the reduction of greenhouse gases due to agriculture should be provided for acceptance by the agriculturist 

in addition to the consideration of sweet corn as a maize production. Furthermore, agriculturists should be 

encouraged to utilize organic fertilizer, as it results in the reduction of greenhouse gas emissions from 

agriculture and is considered as part of the Clean Development Mechanism (CDM) for India to reduce 

greenhouse gas emission. Additionally, organic fertilizer is more efficient in enriching the soil, promotes 

soil aeration and looseness and contains more and varied nutrients than chemical fertilizer13. Furthermore, 

modifications of watermanagement by adding a small amount of water and draining when the rice plants 

reach the vegetative stage and then allowing evaporation as a natural process complies with the study of 

Tsuruta and Hirose 7and results in the reduction of CH4 gas and N2O gas production. 
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Table 1: Quantity of Greenhouse Gas Emission after Fertilizer Application in Plots 

Plot Emission of greenhouse gas (mg/m2/day) 

CH4 N2O CO2 

C control plots without added fertilizer 1.23±0.06 0.25±0.06a 258.69±39.50a 

A plots with the addition of organic fertilizer (cow manure)  1.44±0.13 0.79±0.02ab 381.54±27.77a 

B plots with the added organic fertilizer pellets 1.38±0.08 0.47±0.05ab 268.65±33.9a 

R plots with the addition of chemical fertilizer 1.81±0.20 1.19±0.05b 497.11±109.01b 

 

Table 2: Percentage of greenhouse gas emission 

Plots Emission of greenhouse gas (%) Carbon dioxide Methane Nitrous oxide 

Plot Emission of greenhouse gas 

(mg/m2/day) 

CH4 N2O CH4 

C control plots without added fertilizer 20.79 8.99 35.97 

A plots with the addition of organic fertilizer (cow manure)  24.56 29.91 26.89  

B plots with the added organic fertilizer pellets 23.50 18.29 19.48 

R plots with the addition of chemical fertilizer 31.15 42.81 17.66  

Total 100 100 100 

 

CONCLUSION 

Effect of Fertilizer on the Quantity ofGreenhouse Gas Emission:The quantity of greenhouse gas 

emitted from the experimental plots indicated that plot with added chemical fertilizer had the highest 

emission rates when compared to all of the plots. The greenhouse gases in this study wereCO2, CO2 and N2O, 

and the emission rates were 497.11, 1.81 and 1.19 mg/m2/day respectively. The plot with the added 

organic fertilizer pellets had the lowest emission rates of 268.65, 1.38 and 0.47 mg/m2/day, respectively. 

The greenhouse gas emission rates for each gas type andplot  were statistically significant (P<0.05). 

Effect of Greenhouse Gas Emission duringGrowth:The study of the greenhouse gas emission from 

the plots also compared each growth stage, with all of the fields emitting CO2 gas mostly during the panicle-

formation stage. Furthermore, during the vegetative stage, CH4 and N2O were mostly emitted by all of the 

plots; the drainage of water from the plots after the vegetative stage resulted in decreased greenhouse gas 

emission in all of the plots. The lowest greenhouse gas emission ratefor all stage was found prior to the 

harvest stage. The difference in each maize growth stage was statistically significant  

Guidance for the Reduction of GreenhouseGas Emission from Organic Farming: To reduce 

emission of CO2 gas, agriculturists should be encouraged to discard organic waste instead of burning, 

decrease plowing and provide mostly CO2 in the carbon cycle in an organic form to slow organic 

decomposition and increase photosynthesis. For CH4 gas reduction, agriculturists should avoid adding large 

amounts of organic fertilizer, improve soil quality by increasing aeration and drain water from the plots 
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prior to the panicle-formation stage. For N2O gas reduction, farmers can add organic fertilizer instead of 

chemical fertilizer; however, organic fertilizer must also contain a low quantityof nitrate. Finally, the 

application of organic fertilizer in agriculture, especially organic farming, would protect and conserve the 

environment. 
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ABSTRACT 

In present work, we reported a green approach for Knoevengel condensation reaction by using 

biocatalyst. Treatment of aldehyde with dimedone in aqueous solution efficiently afforded products. The 

time required for reaction was less as compared with literature methods. The yield of products was found 

to be moderate to good. 

KEYWORDS: Biocatalyst, green synthesis, dimedone, Knoevengel condensation. 

 

INTRODUCTION 

With increasing environmental concerns, more and more chemists are devoted to the area of 

“green synthesis” which means the reagents, solvents and catalysts are environmentally friendly. Now a day 

in the development of new processes, ecological impact must also be taken into account and solvents are a 

central feature, as they are generally used in large quantities. Such a consideration has prompted synthetic 

organic chemist to rediscover the eco-friendly Bio-Catalysts and potential of water as a solvent for organic 

reaction1.  More recently, Biocatalysts in aqueous medium have received increasing attention because of 

their environmental compatibility as well as simplicity of operation and their ready availability at low cost. 

 Active methylene compounds undergoes standard Knoevenagel Condensation reaction with 

aromatic, heteroaromatic, conjugated and aliphatic aldehydes giving corresponding arylidine and alkylidine 

derivatives which are versatile substrate for different kinds of ractions2. They are useful intermediates for 

cycloaddition reaction and for the synthesis heterocyclic compounds with potential pharmacological 
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activity. Numerous catalysts have been reported in literature for Knoevenagel Condensation such as bases3, 

Lewis acids4 or surfactants4. Recently there was interest in solvent-free5 Knoevenagel Condensation on 

solid support that were prompted by IR6 or microwave irradiation 7 and solvent-free condensation with 

simple melting the starting material.8 

Even catalyst-free Knoevenagel Condensation in water is also repoted9. All above reported 

methods require solvents for the extraction and purification of compounds and these methods could not 

achieve better yields10. Thus with environmental concern, development of environmentally benign organic 

reaction is a demanding research in modern organic chemical research.   

 

MATERIALS AND METHODS 

Melting points are taken in open capillaries and are uncorrected. Liquid compounds are distilled 

prior to use. TLC plates are prepared from silica gel-G powder as adsorbent. The scheme of research work is 

as follows- 

H

O

R

+

O

O

CH3

CH3

O

O

CH3

CH3

R

(1) (2) (3)

Biocatalyst

Aqueous medium

RT

 

 

Scheme 1: Biocatalysed Knoevenagel condensation in aqueous medium 

 

EXPERIMENTAL: 

PREPARATION OF BIOCATALYST: 

To a 100gm powdered acacia concinna 200ml water was added and it was boiled for half an hour. 

Filtered when hot and residue was discarded. Filtrate was concentrated to half of its actual volume and 

used as a biocatalyst. 

 

PROCEDURE: 

Stoichiometric mixture of substituted aldehyde1 (1mmole) and dimedone2 (1mmole) were taken 

and 2ml of biocatalyst was added to it. Reaction mixture was stirred for 4hrs, solid product was separated 

out. Reaction was monitored by TLC. After completion of reaction 10ml of water was added to the reaction 

mixture. Crude product was obtained with quantitative yield. Product was recrystallised by methanol. 
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RESULTS AND DISCUSSION 

      Table 1. Observations table 

Sr. No. Aldehydes Product Time 

(hrs) 

Yields 

(%) 

 

1. 
H

O

 

O

O

CH3

CH3

 

 

3.5 

 

75 

 

2. 
H

O

Me2N  Me2N

O

O

CH3

CH3

 

 

2.5 

 

88 

 

3. 

 
H

O

ClCl  ClCl

O

O

CH3

CH3

 

 

3.0 

 

72 

 

4. 
H

O

OH  OH

O

O

CH3

CH3

 

 

2.0 

 

80 

 

5. 
H

O

NO2  NO2

O

O

CH3

CH3

 

 

4.0 

 

78 

 

6. 
H

O

EtO  

O

O

CH3

CH3

EtO
 

 

2.5 

 

85 

 

7. 
H

O

CH3  CH3

O

O

CH3

CH3

 

 

3.0 

 

68 
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To learn scope and limitations of this reaction with the use of electron donating and electron 

withdrawing groups containing aldehydes. As usual aromatic aldehydes bearing electron donating groups 

are slightly less reactive. Thus electron withdrawing group containing aldehydes reacts faster giving 

excellent yields as compared to electron donating group containing aldehydes. But reactions of aliphatic 

aldehydes are slower. 

It is important to mention that all the products are easily isolated by simple filtration, avoiding the 

use of any solvent usually required for extraction and purification step.  
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4.5 
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CONCLUSION 

In conclusion, we have shown that the condensation reaction of dimedone and aldehydes efficiently 

occurs in the presence of Biocatalyst in aqueous media providing a convenient and efficient synthesis of 

arylidines and alkylidines. 
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ABSTRACT 

Cobalt Zinc ferrite was synthesized by co-precipitation method using high purity analytical grade 

nitrates. The synthesized material is characterized by X-ray diffraction studied (XRD), Scanning electron 

microscopy (SEM) and Fourier Transform Infrared Radiation (FTIR) techniques. The samples were sintered 

at 4000C, 5000C, 6000C, 7000C and 9000C for 5hrs. The X-ray diffraction analysis confirms the formation of 

single phase cubic spinel structure of the sample. The lattice constant, X-ray density, crystallite size, site 

radii (rA, rB), bond length (A-O,B-O) on tetrahedral (A-site) and octahedral (B-site) were calculated for the 

sample. The lattice constant and crystallite size are 8.35 A0 and 43.5 nm respectively. The SEM study shows 

that the grain size is 0.25 mµ. The FTIR spectra shows two strong absorption bands around in the range of 

350 cm-1 and 700 cm-1 on the tetrahedral and octahedral sites respectively. 

KEYWORDS: Chemical synthesis, Bond length, Crystallite size, XRD, SEM, FT-IR. 

 

 

INTRODUCTION 

Synthesis of nano-sized particles shows interesting structural and magnetic properties. The unique 

size dependent properties of nano material are different from the bulk phase material properties. One of 

the important property of nano scale material is that the smaller nano particles have larger surface to 

volume ratio [1-2]. Transition metal ferrites can be prepared by various techniques such as co-precipitation 

[3], micro-wave combustion [4], salvo thermal method [5], reverse micelle [6], flash combustion [7] etc. 

mailto:rohitpowar009@gmail.com
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Transition metal ferrites are magnetic materials with cubic spinal structure which have been 

widely used in various technological applications such as medical diagnostics, high density information 

storage system, ferrofluids, gas sensors [8-10]. These materials have been extensively studied due to 

growing interest in the study of magnetic structural and electrical properties [11].  

The ferrite lattice parameters are also modified by the substitute ion. Zinc ferrite is soft ferrite have 

cubic closed pack structure and larger lattice constant with Zn2+ ions in tetrahedral and Fe3+ ion in 

octahedral sites [12]. However cobalt ferrite is well known hard magnetic material and possesses an 

inverse spinal structure with Co2+ ions in octahedral sites & Fe3+ ions equally distributed between 

tetrahedral & octahedral sites. The distribution of cations in cobalt – zinc ferrite can be represented by 

Zn2+
x Fe3+

1-x [Co2+ 
(1-x) Fe3+

(1+x)]O4 [13]. Co-preparation method is simple and economical method as 

compared to the ceramic method for preparation of ferrite materials. Also this method requires lower 

sintering temperature and shorter duration. In this method mixing of metal ions takes place at atomic scale 

which gives homogeneous material of nano crystalline size [14]. 

The aim of the present work is 1) Processing of nano materials of cobalt substituted zinc ferrite 

sample (Co0.5Zn0.5Fe2O4) by co-precipitation method followed by calcinations  2) Study of crystalline size 

and lattice parameter from X-ray diffraction(XRD) 3) Study of surface area of Co0.5Zn0.5Fe2O4 from scanning 

electron microscope(SEM) 4) Study of crystal structure and vibration modes from Fourier Transform 

Infrared Radiation (FT-IR). 

 

MATERIALS AND METHODS 

MATERIALS: 

Ferrite powder with general formula Zn1-xCoxFe2O4 (Co0.5Zn0.5Fe2O4) nano particles was prepared 

by co-preparation method. The A. R. Grade ferric nitrate (Fe (No3)3.9H2O), Zinc nitrate (Zn(No3)2.6H2O), 

cobalt nitrate (Co(No3)2.6H2O) were weighted in stiochiometric proportions and dissolved in distilled 

water. It was then mixed with solution of NH4OH drop wise addition then solution becomes dark 

suspension (pH =10) of precipitated hydroxides. The mixture was digested on hot plate at 90oc for one & 

half hour. The precipitate changes to dark brownish spinel ferrites. The product was then filtered by 

whatman filter paper no. 42 and washed several times by distilled water. The precipitate obtained was pre-

sintered at 3000c for 2 h. in air. The pre-sintered powder was milled and sintered at temperatures (4000C, 

5000C, 6000C, 7000C and 9000C) for 4h.The heating rate applied was 8oc/min up to sintering temperature. 

METHODS (XRD, SEM, FT-IR): 

The samples were characterized by powder X- ray diffraction (XRD) analysis at room temperature 

using Cu Kα radiation on a PW-1710 Philips X –ray diffractometer. The microstructure of sintered sample 

was examined by scanning electron microscope (SEM) using JEOL-JSM-6360 model. FT-IR of samples were 

recorded by PerkinElmer-783 spectrophotometer  

 

RESULT 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 89 
 

STRUCTURAL ANALYSIS:   

X-Ray diffraction of the synthesized Zinc Cobalt ferrite sintered at five different temperatures 

(4000C, 5000C, 6000C, 7000C and 9000C) is shown in Fig. 1. The XRD confirms the formation of single phase 

cubic spinel structure in 900oc sample. The presence of (220), (311), (222), (400), (422), (511) and (440) 

planes were observed. All XRD peaks correspondent with the JCPDS card no. 89-1092 (ZnFe2O4) and 22-

1086 (CoFe2O4) [15]. The Crystallite size and  lattice constant of the nanocrystalline sample  was calculated 

from most intense (311) peak of XRD by using Debye Scherer equation  and  lattice constant was calculated 

using  the Bragg’s equation [16-17] respectively. 

 

D = 
0.94λ

βcos θ
                                                                                          (1) 

 

a = dhkl   h2 + k2 + l2                                                                             (2) 

 

Where D is the crystallite size, β is the full-width at half maximum (FWHM) of the (311) peak, λ is 

the X-ray wavelength and θ is the diffraction angle, dhkl is the inter planner distance and (h, k, l) are the 

miller indices of plane. The calculated crystallite size and lattice constant are shows in Table. 

 

 

Fig. 1 XRD of Co0.5Zn0.5Fe2O4 sintered at (4000C, 5000C, 6000C, 7000C and 9000C) 

SEM ANALYSIS: 

The scanning electron microscope of Co0.5Zn0.5Fe2O4 is presented in Fig. 2. SEM shows that the 

sample has larger grain structure. The grain size was calculated by linear intercept method [18]. 

Ga =
1.5L

MN
                                                                                             (3) 

Where L is total test line length in Cm, M is the magnification and N is the total number of intercepts 
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Fig.  2 SEM of Co0.5Zn0.5Fe2O4 sintered at  9000C 

 

FT-IR ANALYSIS: 

 

 

 

 

 

 

 

 

 

 

Fig. 3 FT-IR of Co0.5Zn0.5Fe2O4 sintered at 9000c 

The FT-IR spectra explain two major absorption bands and shows position of the ions in the crystal 

structure and their vibration modes. The spectra indicate the presence of absorption bands in the range of 

350 – 800 cm-1 which is important characteristics of the  

Spinel ferrite .The infrared absorption spectrum of Co0.5Zn0.5Fe2O4 system is presented in Fig 3. The highest 

frequency absorption band, ʋ1,observed in the range 700-600 cm-1 indicate the intrinsic  stretching  

vibration of the metal at the tetrahedral site, Mtetra        O, where as   ʋ2 lowest frequency absorption band 

,observed  in the range 370 -350 cm-1 is indicate the octahedral metal stretching, Mocta       O . 
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Table  Structural parameters for Cobalt Zinc Ferrite (Co0.5Zn0.5Fe2O4) 

Crystallite 

size (nm) 

Lattice 

constant  

(Ao) 

Grain 

Size 

(µm) 

Absorption 

bands 

Ionic radii(Ao) Bond length (Ao) 

 υ1 υ2 ra rb A-O B-O 

43.5 8.35 0.25 666 350  0.471 0.753 1.821 2.103 

 

CONCLUSION 

Nanocrystalline Co0.5Zn0.5Fe2O4 ferrite has been prepared by co-precipitation method at sintering 

temperature of 900o c for 5 h. The XRD confirms single phase cubic spinel structure. The average crystallite 

size and lattice constant lies in the range of 27.30-59.31 nm and 8.3448 – 8.3545 Ao respectively. The SEM 

shows the grain size of material is 0.25 µm. FT-IR shows well formation of ferrite. Two absorption bands 

are found in frequency range of 666 cm-1 and 350 cm-1.   
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ABSTRACT 

The reaction was studied under pseudo-first-order conditions keeping [Glucose] >> 

(NH4)6[MnIVMo9O32] at constant temperature of 30.0 + 0.1oC. The reaction was initiated by mixing the 

previously thermostated solutions of glucose and (NH4)6[MnIVMo9O32] which also contained the required 

amount of perchloric acid and doubly distilled water. The reaction was followed by measuring the absorbance 

of (NH4)6[MnIVMo9O32] at 468 nm. The oxidation of D-Glucose by 9-molybdomanganate (IV) proceeds with 

transfer of electrons from substrate to 9-molybdomanganate (IV). The free radical intervention was not 

observed. Increase in H+ ion concentration increases the rate of reaction due to protonation of oxidant. 

Decrease in dielectric constant and increase in ionic strength of medium, do not affect the rate of reaction. 

The product of reaction was found to be formic acid. The activation parameters were also determined which 

support the outer-sphere nature of the reaction. 

KEYWORDS: Glucose; kinetics; mechanism; oxidation; 9-molybdomanganate 

 

INTRODUCTION 

Heteropoly compounds (HPCs) represent a large class of coordination compounds used in various 

areas of science and technology. Heteropoly compounds are polyoxo compounds built of vertex and edge-
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sharing metal oxygen octahedral forming a strong frame work, namely,a heteropolyanion(HPA). One or 

several heteroatoms are located in the center of the HPA. Since heteropoly compounds have a unique 

structure and physicochemical properties, they are used as homogeneous and heterogeneous catalysts [1–

4] and model structures in coordination chemistry [5]. Very few references to the kinetics and mechanism 

of this Waugh type heteropolyacids to oxidize the organic substrate have been found. 

Oxidation of dextrose is of great importance both from a chemical and biological point of view. It has 

also wide synthetic applications. It is an important monosaccharide, which plays an active role in 

biological systems. It is glucose sugar refined from corn-starch and commonly used as a sweetener; a 

source of rapidly absorbed energy, acarrier in water-soluble medications and it is the main product of 

photo synthesis process. The cell uses it as a source of energy in most organisms from bacteria to humans 

and metabolic intermediate because it is one of the main products of photosynthesis and starts cellular 

respiration in both prokaryotes and eukaryotes and also serves as the monomeric unit of cellulose, the 

structural framework in woody plants. It is suitable for animal feed, pet food and industrial applications. 

Hence the reactions involving carbohydrates are of considerable interest [6, 7].The reducing sugars have 

been oxidized by different oxidants. D-Glucose is regarded as a model reducing sugar and its carbohydrate 

unit is a constituent of nucleic acid. These carbohydrate units play important role in mammalian food 

supply and metabolism. There are numerous reports on degradation of sugars by various oxidants and 

their kinetic investigations [8-24]. The general mechanism of oxidation of sugars in acidic medium 

involves a prior complex formation between the substrate and oxidant[8,9] and in some cases induction 

periods have also been observed[11]. Depending upon the nature of active oxidizing species in the chosen 

media, acceleration and inhibition by hydrogen ion concentration occurs[10,11]. In this communication, 

the kinetics and mechanism of reduction of enneamolybdomanganate(IV) by D-glucose is studied which 

may throw some light on catalytic applications of Waugh type heteropolyacids in the organic synthesis. 

 

MATERIALS AND METHODS 

Materials: Reagent grade chemicals and doubly distilled water were used throughout the work. The 

glucose solution (1.0 mol dm-3 ) was freshly prepared before each experiment in water. The manganese 

complex enneamolybdomanganate (IV) was synthesized according to the reported method [25] and their 

solutions were prepared in water. The solution of (NH4)6[MnIVMo9O32] was standardised by treating 

known amount of complex solution with excess of AsIII, and back titrating AsIII. The oxidation state of 

hetero-atom was also confirmed to be four, by iodometric method. Ionic strength was maintained using 

2.0 mol dm-3  NaClO4 and to vary hydrogen concentration, HClO4 (BDH) was used. 

Kinetic study: The reaction was studied under pseudo-first-order conditions keeping [Glucose]>> 

(NH4)6[MnIVMo9O32] at constant temperature of 30.0+0.1oC. The reaction was initiated by mixing the 

previously thermostated solutions of glucose and (NH4)6[MnIVMo9O32] which also contained the required 

amount of perchloric acid and doubly distilled water. The reaction was followed by measuring the 

absorbance of (NH4)6[MnIVMo9O32] at 468 nm(Table 1) and the rate constants  were determined from 
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the pseudo-first- order plots  of  -log (a-x) against time (Figure 1), where (a-x) is the concentration of 

oxidant at different time. The values of rate constants are reproducible within +4%. 

 

RESULTS 

Stoichiometry, product analysis  and test for free radical: The stoichiometry was studied by 

keeping the concentration of (NH4)6[MnIVMo9O32] constant 2.0x10-3  and varying the concentration of D-

Glucose from 0.2x10-4  to 3.0x10-4  mol dm-3  in 0.2 mol dm-3  HClO4. The reactants were mixed and the 

concentration of (NH4)6[MnIVMo9O32] was analyzed spectrophotometrically after 24 hours at 468 nm. The 

stoichiometry was found to be six moles of (NH4)6[MnIVMo9O32] per mole of  D-Glucose. The  reaction  

mixture  containing  0.2  mmoles  of  (NH4)6[MnIVMo9O32] and 1.3 mmoles of glucose, in 0.3 mol dm-3  of 

HClO4 was prepared and allowed to stand for two days. The product of reaction, formic acid, was confirmed 

by thin layer chromatography [26] and identified by reported method [27]. The AgI was added to the reaction 

mixture and the mixture was heated gently, effervescences of CO2  were observed due to the oxidation of 

formic  acid   to CO2[27]. Generation of free radicals during the course of the reaction wastestedby addition of 

acrylonitrile to the reaction mixture. Precipitate duetopolymerization of acrylonitrile was absent. The 

polymerization of acrylonitrile was expected if free radical is product during the course of reaction. 

Reaction order : The reaction was carried out under pseudo-first-order conditions keeping the 

concentration of HClO4 constant at 0.3 mol dm-3  and at anionic strength of mol dm-3  . The pseudo-first 

order rate constants were found to be increased. When concentration of glucose was varied from 0.05 to 

0.77 mol dm-3  at constant concentration of (NH4)6[MnIVMo9O32] 1.6x10-3  mol dm-3  (Table 2) and  by 

varying  (NH4)6[MnIVMo9O32] from 0.27  x  10-3  to  1.6 x  10-3  mol  dm-3  at constant glucose 

concentration 0.05 mol dm-3, the rate constants remain unchanged as the oxidant concentration is 

increased(Table 2).Pseudo-first-order plots of -log(a-x) against time are straight-line in all cases of the 

reaction indicating the order in oxidant is unity. The order in reductant was found near to unity (0.87) from 

plot of logkobs versus log[glucose] (Figure 2). There was no effect of the added [MnIIMo9O32]8- between 

the  concentration range of 5.0x10-3  to 7.0x10-2  mol dm-3  keeping all other concentrations constant. 

Added  molybdate  also did  not affect the  reaction. 

Effect of hydrogen ion concentration: The concentration of [H+] was varied between 0.03 to 0.3 mol 

dm-3  keeping concentration of glucose and (NH4)6[MnIVMo9O32] constant. To vary the concentration  of  

[H+] perchloric  acid  was  used.  The  increase  in  rate  was observed on increase in concentration of 

hydrogen ion (Table 2). kobs values show linearity with [H+] and the order in [H+] ion was found to be 

unity as determined from the plot of logkobs versus log[H+] (Figure 3). 

Effect of ionic strength, solvent polarity and temperature : The effects of ionic strength and solvent 

polarity were studied by keeping (NH4)6[MnIVMo9O32], and D- glucose constant at 1.6 x 10-3  mol dm-3  

and 5.0 x 10-2 mol dm-3  in presence of [HClO4] 0.3 mol dm-3  . Sodium perchlorate and acetonitrile were 

used to vary the ionic strength and the solvent polarity respectively. The rate of the reaction was unaffected 

by increase in ionic strength from 0.32 to 0.70 mol dm-3  and with increase in the percentage of acetonitrile 

from 0 to 70 % v/v. The rate constants remain unchanged when reaction was studied in presence of added 
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molybdate ion. The reaction was studied at 10, 20, 30, and 38 oC. The activation parameters like Ea, ∆H#, 

∆G# and ∆S# for the reaction were determined from the plots of –log kobs against 1/T (Figure 4) and –

log(kobs/T) against 1/T (Figure 5), which are given in Table 3. 

 

Table 1:  Sample         run for     the  reaction  between D-glucose and 

(NH4)6[MnIVMo9O32]  followed  at  468 nm at 30oC. 

(NH4)6[MnIVMo9O32] = 1.6 x 10-3mol dm-3, [Glucose] = 5 x 10-2 mol dm-3, 

[HClO4] = 0.3 mol dm-3,  I = 0.4 mol dm-3. 

Time 
in  Min 

Aborbance 
At 468 nm 

ce. 

-log(a-x) 

0 0.320 0.494 

2 0.267 0.573 

4 0.208 0.681 

6 0.180 0.744 

8 0.159 0.798 

10 0.143 0.844 

 

Table 2: Effect of reactants and acid concentrations on the reaction between 

D- glucose and  (NH4)6[MnIVMo9O32] at 30oC.  (I = 0.4 mol dm-3). 

           (NH4)6[MnIVMo9O32]  
mol dm-3 

[Glucose] 
mol dm-3 

[H+] 
mol dm-3 

103kobs 
Sec-1 

0.27 0.05 0.3 0.65 

0.54 0.05 0.3 0.60 

0.90 0.05 0.3 0.63 

1.3 0.05 0.3 0.63 

1.6 0.05 0.3 0.60 

1.6 0.1 0.3 1.3 

1.6 0.2 0.3 2.4 

1.6 0.5 0.3 4.2 

1.6 0.77            0.3 7.6 

1.6 0.05 0.03 0.039 

1.6 0.05 0.06 0.087 

1.6 0.05 0.1 0.15 

1.6 0.05 0.2 0.38 

1.6 0.05 0.3 0.60 

 

Table 3: Activation parameters: 

Ea = 42.82  ±2 kJ mol-1 

ΔH#  = 39.18 ±3 kJ mol-1. 

ΔS#  = - 168.4 ±2 J k-1 mol-1. 

ΔG#  = 90.50 ±2 kJ mol-1. 
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Figure 1: Graph of -log(a-x) against time in 

minutes. 

(NH4)6[MnIVMo9O32] = 1.6 x 10-3 mol dm-

3,[Glucose] = 5 x 10-2 mol dm-3, 

[HClO4] = 0.3 mol dm-3, I = 0.4 mol dm-3 

 

 

Figure 2:  Graph of logkobs against 

log[Glucose]. (Conditions as in Table 2) 

 

                   

 

 

 

Figure 3: Graph of logkobs against 

log[H+].(Conditions as in Table 2) 

 

 

Figure 4: Plot of –logkobs against 1/T 

 

 

Figure 5: Plot of log(kobs/T) against 1/T 

 

 

DISCUSSION 

From the kinetic data and stoichiometry, it was found that six moles of (NH4)6[MnIVMo9O32] were 

consumed per mole of D-Glucose as given in the below equation. 

 

 

Further oxidation of formic acid to CO2 by (NH4)6[MnIVMo9O32] does not occur under the present 

experimental conditions. The accelerating effect of hydrogen ion concentration on the reaction may be 
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attributed to the protonated form of (NH4)6[MnIVMo9O32] as an active species in the reaction. The order with 

respect to substrate is determined from the plot of log kobs against log [glucose] (Figure.2). Considering all the 

kinetic data, the mechanism of the                    D-glucose oxidation by 9-molybdomanganate (IV) can be 

represented by Scheme 1. The corresponding expression for the pseudo-first-order rate constant is given by 

equation (6). 

   

 

 

 

 

 

 

 

 

 

                                               

 

 

                     

 

 

 

In order to verify the rate law, graph of kobs against concentration of [H+] was plotted, which was 

straight line. The reaction is initiated by the rate determining interaction of oxidant and substrate to generate 

arabinonic acid and formic acid, followed by fast decomposition of arabinonic acid to give formic acid. Since 

there was no free radical intervention due to addition of acrylonitrile to the reaction mixture, the reaction 

path follows two electron transfer step generating the product. The effect of ionic strength on the rate 

qualitatively explains the mechanism as shown in Scheme 1. Increasing the acetonitrile content in the 

reaction medium does not affect the rate of the reaction. Therefore, formation of an outer-sphere complex by 

the replacement of one of the water molecules of hydration is a more probable transition state. Since the 

probable transition state is less solvated and as it is larger in size, it will be more stable in the medium of 

higher relative permittivity, [28] as observed. The decrease in the value of entropy of activation (Table 3) also 

supports proposed mechanism. 

CONCLUSION 

 The oxidation of D-Glucose by 9-molybdomanganate (IV) proceeds with transfer of electrons from 

substrate to 9-molybdomanganate (IV). The free radical intervention was not observed. Increase in H+ ion 

[H6MnIVMo9O32] 
K2

Scheme 1

+

5HCOOH  + 38H+ +

[MnIIMo9O32]
8- 

          (2)

(4)

[H6MnIVMo9O32] 
[H5MnIVMo9O32] + H+ (1)

K1
-

+ [H6MnIVMo9O32] 5 + 4H2O

C6H12O6

+ HCOOH Arabinonic acid +

10H+ + [MnIIMo9O32]
8-

Arabinonic acid

5

fast

complex

(3)Complex + 2H2O

k1

                               k1K2[H+][Glucose] (NH4)6[MnIVMo9O32] 

Rate =                                                                                                     (5) 

                                  ([H+]+K1)(1+K2[Glucose]) 

                               k1K2[H+][ Glucose] 

            kobs =                                                                                       (6) 

                            ([H+] + K1)(1+K2 [Glucose]) 
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concentration increases the rate of reaction due to protonation of oxidant. Decrease in dielectric constant and 

increase in ionic strength of medium, do not affect the rate of reaction. The product of reaction was found to 

be formic acid. The activation parameters were also determined which support the outer-sphere nature of the 

reaction. 
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ABSTRACT 

The cleaning chemicals i.e. solvents were used to remove oil based stain,water soluble and insoluble 

stains. The non aqueous solvents and alcohols used to remove stain containing fats,waxes,grease 

cosmetics,paints and plastics etc. The water insoluble stains i.e. chili-oil spots of curry on clothes were 

removed by use of wet steam. For this purpose lemon containing acids with water and its vapours under 

steam pressure (15 P.S.I.G) and at temperature 285°F in steam cooker / autoclave machine 121.6 0C and 15 

lbs per square inch / Kg cm-2 were used. Universal solvent, water were used as dry cleaning solvent. 

KEYWARDS: Dry Cleaning, Dry Vapour Steam, Wet Steam, Surfactants. 

 

INTRODUCTION 

  The steam refers to the visible mist or aerosol of water droplets, as water vapour condenses. The 

water vapour includes water droplet is described as wet steam. As wet steam is heated further the water 

droplets evaporates and the system is in vapour-liquid equilibrium. The steam produced at temperature 

higher than boiling point of water for the pressure, where all liquid water evaporated called super heated 

steam.8  The machine produces steam (gaseous phase of water) for cleaning at high temperature (2000C -

5000C) and high pressure (32 to 110Kg cm-2) known as dry vapour steam.9 The dry vapour steam contains 

5% moisture, dry steam vapour which becomes tremendous cleaning tool. It does so without any chemical 

and very little moisture which allows the surface to dry almost immediately, removing dirt, degreasing and 

killing bacteria and other micro-organisms instantly. Dry steam vapour kill bed bugs, dust mites, fleas and any 

insect eggs and larvae a great relief for any skin or asthmatic allergy suffers.Steam is used in the process of 

wood bending; killing insects5 and increasing plasticity and also transfers heat in cooking vegetables.7 Dry 
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cleaners dissolve rubber, waxes and resins.Dry cleaning solvents remove oily stains and so detergents are not 

needed. Soaps increase the cleaning power of dry cleaning solvents. Detergents help remove all other soils 

that may be present.16 

The absorbents and green solvents used in dry cleaning. The absorbents are useful for cleaning 

grease marks on light coloured fabrics. Absorbents: common absorbents are starch, MgCO3, French chalk, 

bran moog powder (green gram powder) and bread crumbs etc. Green solvents: Inflammable – aviation 

petrol, benzine, Noninflammable: CCl4, benzene, trichloroethylene, tetrachloroethane, turpentine spirit soaps 

etc1. Solvents to be acceptable when dry cleaning solvents must be an effective solvents for fats and oils, non-

corrosive to metals commonly used in the machinery and be non-inflammable, clear and water white. 

 

MATERIAL AND METHODS 

Treatment with sodium hypochlorite solution was used for removal of food stains.1  For removal of 

curry stain marks, soap were applied to curry (Turmeric and Oil) stain on clothes and bleach in sunlight when 

dry, if the stain has not disappeared ,wet it and put it back in sunlight again. This method is time consuming. 

Hence preferred wet steam cleaning method and it is suitable to stain removal2. 

 The method applied for iron rust removal, spread mild acid e.g. Milk, Lemon, Vinegar or Salts of 

lemon. Pour boiling water through and also for ink stain removal, soak the stain in lime juice, curds or sour 

milk overnight. Then wash out.1 This indicates that lemon juice was used for stain removal. Hence Wet Steam 

and Lemon containing acids was used for chili-oil mark on cloth fibre removal purpose, under steam pressure 

(15 P.S.I.G) and at temperature 121.60C in steam pressure cooker / autoclave.4 

The chemical cleaning is costly. The smell of inflammable solvent remains in clothing for a long time. 

(especially in woolens). Therefore for fragrance finish24 wet steam cleaning method suitable in Laundry. The 

carboxylic group in acid (lemon) imparts antimicrobial and fragrance finish. 

 

RESULT AND DISCUSSION 

The dry cleaning solvents Petroleum ether, Solvent naphtha, Kerosene, Turpentine (Petroleum 

based) ,Paraffin, Spirit (methylated),  Ethyl alcohol, Amyl alcohol, Amyl acetate ,Acetone,Glycerine,Benzene or 

Petrol,Toulene,Chlorobenzene, Methyl Chloride, Carbon Tectrachloride, Perchloroethylene, trichloroethylene, 

tetrachloroethylene, 1,1,1trichloroethane, 1,1,2 trichlorofluoroethane , chloroflurocarbons,glycol ethers ( 

propylene, dipropylene), hydrofluoroethers, n-propyl bromide and liquid CO2 etc. used are stain removers. 

Petroleum naphtha is used as stain repellents. Most of the solvents are toxic to human being. Viz 

Theperchloroethylene(Perc)is neurotoxic and damages liver, Carbon tetrachloride damages liver, central 

nervous system and kidney. Trichoroethylene reduces eyesight, causes irregular heart beat.  

Alkaline Stain removers are Ammonia (10%ammonium hydroxide), Sodium carbonate, 1% Sodium 

bicarbonate, Sodium hydroxide and Potassium hydroxide etc. used as cleaning agent.1,2 Apply ice to the 

chewing gum stain. Allow to soak in ice cold water for a few minutes then launder. But Dry steam cleaning 
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technology is ideal for localized chewing gum stain and spot removal from carpets and upholstery. Sanitizes 

cleaning surfaces and kill bacteria.1,2 

The High dry temperature about 280-300°C and chemicals used in the dry cleaning process can 

directly damage garments or slowly decrease their life span. Steam explosions have been responsible for 

many laundry accidents8. Therefore without used high temperature and toxic chemicals e.g. CCl4, dry cleaning 

process could be modified and investigated that water insoluble stains e.g. curry(Chili- oil) based stain on 

clothes/garments not easily removed by any chemical method of dry cleaning e.g. 1%Acetic acid , 30%Formic 

acid ,1%Oxalic acid, dilute HCl etc. But by using lemon juice containing acids (Citric acid, Ascorbic acid etc.) 

worked as like surfactants with water & its steam.The water applies for wet stains (Stain that had water in it.) 

Acid catchthe stain reduces surface tension of boiled water around stain and stain ‘Send Out’ on the clothes 

and stain/ spot of curry were easily removed.Along with boiled water with steam vapour, under steam 

pressure (15 P.S.I.G) and at temperature 140 -141° C were required to remove oily type stains.Here water is 

used as solvent it is harmless reduces air pollution. Steam is non-toxic antimicrobial agent. The detergents 

used for washing and cleaning of garments releases phosphorus from phosphate ( ethoxylated phosphate 

esters) can cause eutrophication. By use of wetsteam in dry cleaning, eutrophication process could be 

avoided. 

The acidity found in order ofLemon >Tamrind>Kokam>Imblica> Young Unripe Mango >Papanus>   

Orange >Jagm, > Grapes>Tomato etc.3,27 and Sour milk or Curds, Apples,Mintand spinach leaves extract 

etc.containing organic acids were used as acidic agent called bio-chemical stain removers. 

Natural ecofriendly materials i.e. various herbal species such as extract of neem, tulsi leaves, 

Quercusinfectoria,23 pomegranate rind18 etc. were screened  for their antimicrobial activities against the 

stains of staphylococcus aureus and E.Coli. Natural medicinal products clove oil and neem oils show good 

antibacterial property on cotton fabric13 (becomes bioactive textiles) Antimicrobial agents (e.g. polyaniline 19) 

for use in hospital textiles (gram positive and gram negative bacteria19 ) and effective  antiodour agents for 

use in sports and household textiles.23,15 Along with steam this natural herbal species material useful for 

antibacterial and antifungal action.18,20Instead of these the wet steam is useful for sterilization and 

antimicrobial action on fibre cloth. 

The treated fibre cloth is lustrous and does not undergo any change due to the wetting in water14, 

retention of colour depth after the steam washing is observed. Only washing wrinkles in fabric formed during 

steam wash, rinse actions. Thermal stability, brightness and breaking strength of fibre maintained due to 

hemicelluloses.11 

 

 EXPERIMENTAL 

The lemon fruit were taken for experiment because lemon juice is highly acidic and have pH value 

2.3. Oil stain removal process in which oil stain was first treated with lemon juice and sodium chloride then 

wash with soap and water were carried for cleaning.Other experimentcarried in which curry (chili and oil) 
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stain on cloth/garment were kept in steam cooker or autoclave machine containing water with about 30 cm3 

lemon juice (fresh), the cloth /garment soak in water and water boiled then produce steam, removes stain 

marks /spot. 

 

CONCLUSION 

Most of the cleaning chemicals are toxic in nature. By this method these chemicals are not released in 

environment.Therefore wet steam cleaning technology is enviro-friendly. Saves costs of cleaning chemicals, 

water used for laundry purpose is also saved results in air,soil & water pollution prevented.It is possible to 

create steam with solar energy and generated steam is used for soil sterilization to avoid the use of harmful 

chemical agents and increase soil health. 
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ABSTRACT 

The study of effect of Green Harvest as aorganic fertilizers on fertility of soil health and its physico-

chemical and Microbiological parameters are done.Day wise analysis of soil samples before and after 

treatment and green harvest available in pellet and powder form was carried out .The study have shown that, 

the applicationof green harvest reduces the chemical fertilizers up to Green Harvest 5%,increases organic 

carbon percentage in soil ,it maintains the pH of soil, the activity of soil microorganism was found to be 

increased and the soil  became healthy and porous. The additional benefit of Green Harvest improves size, 

quality, luster and aroma of fruits.The use ofGreen Harvest gave maximum output in Minimum input.  Green 

Harvest can be used for all types of crop. The uses of Green Harvest enhance the bacterial activity in the soil 

resulting in increase in soil fertility.   

KEY WORDS: Green Harvest, organic carbon, microorganism, pellet, organic fertilizers. 

 

INTRODUCTION 

The fertility of soil is “its ability to provide nutrients for the growth of plants, when other important 

growth factors are favorable.”For optimum crop production, a soil that enables deep rooting provides 

aeration, has a good water holding capacity and consists of a productive and fertile soil.Fertilizers are 

materials used to provide plant nutrients which are deficient in soils.Fertilizers replace the chemical 

components that are taken from the soil by growing plants. However, they are also designed to improve the 

growing potential of soil, and fertilizers can create a better growing environment than natural soil. They can 

also be tailored to suit the type of crop that is being grown. Typically, fertilizers are composed of nitrogen, 

mailto:E-mail:%20poresanjay67@gmail.com
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phosphorus, and potassium compounds. They also contain trace elements that improve the growth of 

plants.Organic fertilizers are fertilizers derived from animal or vegetable matter. The green harvest as an 

organic fertilizer refers to a soil amendment derived from natural sources that guarantees, at least, the 

minimum percentages of nitrogen, phosphate, and potash. 

Soil health is defined as the continued capacity of soil to function as a vital living system, by 

recognizing that it contains biological elements that are key to ecosystem function within land-use 

boundaries1.These functions are able to sustain biological productivity of soil, maintain the quality 

ofsurrounding air and water environments, as well as promote plant, animal, and humanhealth3.In many 

cases the composts have been supplemented with fertilizers not approved for use in organic farming, for 

example6,7 Supplementing composts with rock phosphate is however of interest in organic farming. Manures 

from organic farming systems usually have lower average nutrient contents than manures from conventional 

systems2,8reported that compost applied at rates varying from 18 to 146 t ha
5
produced a 6 to 163% increase 

in soil organic matter. Soil quality was been defined as ‘‘the capacity of a reference soil to function, within 

natural or managed ecosystem boundaries to sustain plant and animal productivity, maintain or enhance 

water and air quality, and support human health and habitation.’’ Subsequently the two terms are used 

interchangeably5A more recent study by 10over a three-year period showed increases in soil organic matter 

from 2different organic sources including biosolids, food waste and composted pig manure. The effect of 

different organic materials on soil pH was investigated by Wong et al. 9. Electrical conductivity has been 

shown to increase with increased manure or compost application rates1,4 

 

MATERIAL AND METHODS 

Collection of  soil sample: The soil used in the experiment was black soil and it was collected from cultivated 

land near At/p. Bhikawadi khurd(Tal- Kadegaon, Dist- Sangli).Soil was collected from the top  5-20 cm layers 

and sieved through 0.5mm screen and then placed in cotton bags and stored at room temperature. The soil 

was then analyzed for some selected physio-chemical and Microbial parameter. 

Collection of Green Harvest as a organic fertilizer: Sample was collected from Nature Care Fertilizers Pvt. 

Ltd. Vita. (Dist – Sangli). All fertilizers were collected and placed in cotton bags and stored at room 

temperature. The fertilizers were then analyzed for some selected physio-chemical and biological 

parameter.Green Harvest” is an organic fertilizer of different organic ingredients derived from plants origin. 

This product is result of Vedic Wisdom with modern scientific studies in agriculture. Green Harvest” is an 

organic fertilizer prepared from cold pressed oil seed cake which contains Neem, Pongamia, Mustard, 

Mahuwa, Castor, Palm, Shea, Sal, Cashew, Mangium, Marigold, Thyme .Turmeric, Ginger as a Antibacterial 

ingredient. Silica, Lobster shells ,Chicken Manure, City Compost as a Minerals. Magnesium powder, Rock 

phosphate as a Filler and Acetobacter, Azotobacter, BD 500, Potash Mobiliser, PSB, Silica Solubliser as a 

Bacterial Cultures. 

Colonies were counted and expressed as cfu/gm of sample. 
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The analyzed soil was then treated with different organic fertilizers as follows, 

1. Control     – Untreated soil 

                                         2.     Sample A – 1 kg soil + Green Harvest (2.5%)   

The above samples were stored and their physical, chemical and biological characters were studied after 

every 5 days. 

 

BIOLOGICAL ANALYSIS- 

cfu/gm of treated soil sample was calculated and recorded using serial dilution method after every 5 days. 

Physio-chemical analysis 

Sr. Parameter Reagent Apparatus 

1 pH 

 

 7 buffer Digital pH meter 

2 Electric conductivity  KCl  Digital conductivity 

meter 

3 Bulk density  Weighing machine 

4 Nitrogen 

 

NaCl,Phenolphthalein, Mixed Indicator, 2% Boric 

acid,0.01N H2SO4 

Kjeldalh’s assembly 

5 Phosphorus Sodium carbonate,Charcoal,Ammonium 

molybdate,Stannous chloride, 100 ppm  

Colorimeter 

6 Organic Carbon and 

Organic matter 

Conc.H2SO4,1NK2Cr2O7,Orthophosphoric acid,  

0.5N FeSO4,  Diphenylamine  

Hot air oven 

7  Calcium 

 

  Ammoniumacetate, NaOH,             Murexide , 

EDTA 

Weighing machine 

8 Magnesium 

 

Ammonium buffer, Ammonium acetate 

Erichrome black T ,EDTA 

Weighing machine 

9 C: N ratio 

 

Calculated using total carbon and total nitrogen. 

Biological analysis- cfu/gm of soil sample was calculated using serial dilution method 

 Media Common Procedure 

10 Soil extract agar 

Glucose – 1 gm, 

K2HPO4– 0.5 gm,  

Soil extract –100 ml,  

Agar –15 gm, PH – 7.2  

Distilled water – 100 ml 

1)10 gram of the soil sample was added in 90 ml sterile saline. 

 

2)And the solution was shaked for 5 minutes on rotary shaker. 

 

3)After thorough mixing 1 ml of the suspension was to be transferred 9 

ml sterile saline aseptically. 
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4)The tube was shaked for a minute and 1 ml was transferred to another 

9 ml sterile saline.This dilution was made until million dilutions. 

 

5)A loopful1 of suspension was then transfered on sterile soil extract 

agar, sabourad’s agar, ken knight’s medium plates and was streaked. 

 

6)Plates were then incubated at 37°C  for 24hrs, 48hrs, and 72hrs 

respectively. 

11 Sabourad’s agar  

Glucose – 4 gm,  

Peptone – 1 gm,  

Agar – 2.5 gm, PH – 5.4  

Distilled water  100 ml 

 

12 Ken Knights medium 

Glucose – 0.1 gm 

KHPO4– 0.01 gm 

KNO3– 0.01  

KCL– 0.01, PH – 7 to 7.2  

MgSO4– 0.01gm, 

Agar-agar – 1.5 gm  

Distilled water  100 ml 

  

 RESULTS AND DISCUSSION 

Table 1.  Physiochemical analysis – Untreated soil and fertilizers 

Sr.No Parameter Units Untreated 

soil 

Units Green 

Harvest 

1 pH - 8.17 - 7.23 

2 EcV - 0.63 - 5.07 

3 Nitrogen Kg/h 18.95 % 1.70 

4 O.C % 0.30 % 23.69 

5 O.M % 0.52 % 40.85 

6 Phosphorus Kg/h 93.33 % 1.71 

7 Potash Kg/h 840.80 % 1.33 

8 Calcium % 0.60 % 3.40 

9 Magnesium % 0.21 % 2.81 

10 Bulkdensity g/cm3 1.00 g/cm3 0.61 

11 Ash % 18.70 % 60.30 

12 Moisture % 9.23 % 24.70 

13 C:N ratio - 0.001 - 13.93 
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Table 2. Microbial analysis – Untreated soil and Fertilizers 

Sr.No Microbial count cfu/gm Untreated Soil Fertilizers 

 

0 

day 

5th 

day 

10th 

day 

15th 

day 

20th 

day 

25th 

day 

30th 

day 

Green 

Harvest 

1 Bacteria 107 22 25 29 18 23 12 20 8 

2 Fungal 107 5 5 4 4 8 5 8 20 

3 Actinomycetes 107 10 10 12 13 17 15 10 5 

 

 

Table 3. Day wise Physiochemical analysis – Untreated soil and sample A (Soil + Green Harvest) 

Para 

Meters 
Units 

Control (Untreated Soil) Sample A (Soil + Green Harvest) 

0 5 10 15 20 25 30 0 5 10 15 20 25 30 

pH - 8.17 8.15 8.1 8.12 8.15 8.07 8.12 8.0 7.4 7.3 7.24 7.37 7.32 7.30 

EcV - 0.63 0.62 0.6 0.61 0.63 0.57 0.6 0.5 0.5 0.6 0.79 0.69 0.75 0.81 

N KG/h 18.95 18.3 18.0 17.82 17.9 18.1 19.2 11 11 13 12.9 17.6 17.6 17.2 

O.C % 0.3 0.30 0.30 0.34 0.30 0.36 0.37 0.33 0.4 0.5 0.98 1.55 1.92 2.02 

O.M % 0.52 0.52 0.50 0.58 0.52 0.62 0.63 0.58 0.7 0.8 1.68 2.67 3.31 3.45 

P2O5 KG/h 93.33 95.3 75.0 99.12 102. 98.06 101 94 99 106 104 112. 134 136 

K2O KG/h 840 739 851 840 840 851 784 735 752 784 784 821 812 830 

Ca % 0.60 0.61 0.60 0.61 0.60 0.61 0.60 0.36 0.41 0.40 0.63 0.85 0.85 0.89 

Mg % 0.21 0.21 0.20 0.21 0.21 0.20 0.23 0.10 0.12 0.15 0.18 0.23 0.24 0.24 

Bulk 

density 
g/cm3 1.00 1.01 1.00 0.97 0.97 0.98 0.97 0.98 0.98 1.00 1.01 1.02 1.03 1.02 

Moistur

e 
% 9.23 9.11 11.0 10.95 12.9 10.75 10.3 20.1 19.3 18.0 19.4 21.2 21.3 21.8 

 

DISCUSSION 

In the present study various parameters were checked, such as pH, Electric conductivity, Nitrogen, 

Organic Carbon, Organic matter, Phosphorus, Potash, Calcium, Magnesium, Bulk Density, Moisture content of 

untreated soil and treated soils (Green Harvest).We observed that, pH of untreated soil was 8.1 and in sample 

A( Soil + Green Harvest)  pH was found to be 8.0 on 0 day and on 30th day pH of untreated soil was observed to 

be 8.12 and in sample A(soil + Green Harvest) pH was found to be 7.30. Thus pH was found to decrease after 

addition of Green Harvest. Electric conductivity (EcV) of untreated soil was 0.63 on the 0 day and In sample 

A( Soil + Green Harvest) EcVwas found 0.50. On 30th day EcV of untreated soil was 0.60 and sample A( Soil + 
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Green Harvest) EcV was observed that, 0.81. EcV of untreated soil was 0.63 on the 0 day In untreated soil 

nitrogen was 18.95 KG/h and sample A (Soil+ Green Harvest) nitrogen 11.00 KG/h and on 30th day nitrogen 

of untreated soil increased to 19.24 KG/h and in sample A (Soil + Green Harvest) 17.2 KG/h. Organic carbon 

of untreated soil was 0.30% which showed increase up to 0.37% on 30th day while in sample A (Soil + Green 

Harvest) OC increased from 0.33% to 1.70% on 30th day. Organic matter is dependent on Organic Carbon. 

Organic matter of untreated soil was 0.52% on 0 day and in Sample A (soil + Green Harvest) 0.58%. On 30th 

day Organic matter of untreated soil was 0.63% and in sample A (Soil + Green Harvest) organic matter was 

3.45%. The comparison between untreated soil and soil + Green Harvest, organic carbon increased. Organic 

matter of untreated soil was 0.52% on 0 day. On 0 day Phosphorus of untreated soil was 93.33KG/h and in 

sample A (soil + Green Harvest) phosphorus was 94.0 KG/h. And on 30th day. Phosphorus of untreated soil 

was 101.0KG/h and in sample A (soil + Green Harvest) phosphorus was 136.0 KG/h. The comparison 

between untreated soil and soil + Green Harvest, percentage of phosphorus increased. In untreated soil the 

potassium was obsevered, 840 KG/h on 0 day and in sample A(soil + Green Harvest) potassium was 735 

KG/h. On 30th day untreated soil potassium was 784 KG/h and in sample A (soil + Green Harvest) potassium 

was 830 KG/h. The comparison between untreated soil and soil + Green Harvest potassium increased. 

Calcium of untreated soil was 0.60% on 0 day and in sample A (soil + Green Harvest) calcium was 0.36%.On 

30th day Calcium of untreated soil was 0.60% and in sample A (soil + Green Harvest) calcium was 0.89% The 

comparison between untreated soil and soil + Green Harvest percentage of calcium increased. Magnesium of 

untreated soil was 0.21% and in sample A (soil + Green Harvest) magnesium was 0.10% on 0 day. On 30th day 

magnesium of untreated soil was 0.23% and in sample A (soil + Green Harvest) magnesium was 0.24% The 

comparison between untreated soil and soil + Green Harvest magnesium increased. Bulk density of untreated 

soil was 1.00 gm/cm3 and in sample A (soil+ Green Harvest) bulk density was 0.98 gm/cm3 on 0 day and bulk 

density of untreated soil was 0.97 gm/cm3 and in sample A (soil+ Green Harvest) bulk density was 1.02 

gm/cm3 on 30th day. Moisture content of untreated soil was 9.23% on 0 day and in sample A (soil + Green 

Harvest) moisture 20.1% and on 30th day moisture content of untreated soil was 10.3% and in sample A (soil 

+ Green Harvest) moisture 21.8%. The comparison between untreated soil and soil + Green Harvest 

percentage of Moisture content increased. Moisture content of untreated soil was 9.23% on 0 day and in 

sample B (soil + Press mud) moisture 19.6% and on 30th day moisture content of untreated soil was 10.3% 

and in sample B (soil + Press mud) moisture 20.9%..Overall pH and EcVof  all samples showed  decreasing 

trend. While Nitrogen Organic carbon, Organic matter showed an increasing trend. Phosphorus, Potassium, 

Calcium, and Magnesium was also increased. Bulk density in all samples decreased while Moisture content 

increased. 

Sample A (Soil + Green Harvest) fungal count was found to be 7 × 107 cfu/gm. On 30th day fungal 

count of untreated soil was 8 × 107 cfu/gm and in sample A (Soil + Green Harvest) fungal count was found to 

be 13 × 107 cfu/gm. The comparison between untreated soil and soil + Green Harvest fungal count increased.. 

On 0 day actinomycetes count of untreated soil was 10 × 107 cfu/gm and in sample A (Soil + Green Harvest) 
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actinomycetes count was found to be 12 × 107 cfu/gm. On 30th day actinomycetes count of untreated soil was 

10 × 107 cfu/gm and in sample A (Soil + Green Harvest) actinomycetes count was found to be 17 × 107 cfu/gm. 

Table 4. Day wise microbial analysis of untreated soil and sample A (Soil + Green Harvest): 

 

 
0 Day Bacterial Count – Soil extract agar   30th Day Bacterial Count – Soil extract agar 

                        
Control                             Sample A                            Control                              Sample A 
Untreated soil                  Soil + Green Harvest       Untreated soil                     Soil + Green Harvest 
22 × 107 cfu /gm             39 × 107 cfu /gm                  20 × 107 cfu /gm               54 × 107 cfu /gm 

 
0 Day Fungal Count –Sabourad”s agar                 30th Day Fungal Count – Sabourad’s agar 

                                   
Control –           Sample A                     Control                             Sample A  
Untreated soil                  Soil + Green Harvest     Untreated soil                        Soil + Green Harvest     
5 × 107 cfu /gm                           7 × 107  cfu /gm                 8 × 107 cfu /gm                     13 × 107 cfu /gm  

 
0 Day Actinomycetes Count –30th Day Actinomycetes Count –Ken Knight’s mediaKen Knight’s media 

                                                       
Control                                   Sample A   Control                             Sample A                        
Untreated soil                Soil + Green Harvest  Untreated soil                           Soil + Green Harvest        
10 × 107  cfu /gm              12 × 107 cfu /gm  10 × 107  cfu /gm                      17 × 107 cfu /gm 

Microbial 

count cfu/gm 

Control(Untreated soil) Sample A (Soil + Green Harvest) 

0 day 

5th 

day 

10th 

day 

15th 

day 

20th 

day 

25th 

day 

30th  

day 

0 

day 

5th 

day 

10th 

day 

15th 

day 

20th 

day 

25th 

day 

30th 

day 

Bacterial  107 22 25 29 18 23 12 20 39 39 41 48 48 51 54 

Fungal 107 5 5 4 4 8 5 8 7 8 10 11 12 9 13 

Actinomycetes 107 10 10 12 13 17 15 10 12 10 10 13 16 12 17 
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CONCLUSION 

The main purpose of application of organic fertilizers in the soil is to increase percentage of organic 

carbon which provides food for bacteria.It is essential for many  soil reaction. These bacteria can convert total 

nutrient present in the soil to available form, which fulfills   nutritional requirement of plant. 

In our study we observed that, count of essential bacteria increased by increase in organic carbon by 

application of various organic fertilizers. 

Future prospect – Isolation, identification and characterization of bacteria present in the soil. (Azotobacter, 

Acetobacter, PSB, Rhizobium, Potash mobilizing bacteria).  
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ABSTRACT 

Photocatalysis technology has great potential for environmental remediation through destruction of 

organic pollutants. ZnO nanostructures were successfully synthesized at low temperature (0-5oC) by using 

precipitation method. The physicochemical properties of as synthesized ZnO were investigated by various 

techniques. XRD confirms the formation of nano-crystalline hexagonal phase of ZnO. SEM analysis reveals the 

formation of submicron sized hexagonal plates with uniform cage like structure. Photocatalytic activity of the 

resultant ZnO powders was studied by observing the degradation of aqueous methylene blue (MB) dye. The 

rate constant observed for photocatalytic MB degradation is 3.6×10−2 min−1 using low temperature ZnO. 

KEYWORDS: ZnO Nanostructures; low temperature, photocatalytic performance.   

 

INTRODUCTION 

The rapidly developing nanoscience and nanotechnology reveal many exciting feature of material at 

the nanometer scale.  Nanoparticles have unique physicochemical properties that are found in their parent 

materials. Nanocrystalline ZnO semiconductor is of great interest in applications in solar energy conversion, 

photocatalysis, sensors and so on [1]. Various methods for synthesis of ZnO are employed by researchers 

such as Polyol process, Microwave Irradiation technique,sol gel, spray pyrolysis, co-precipitation method, 

CVD, CBD [2,3]. These methods are developed for the nano sized ZnO particles with appropriate morphology 

and particle size [4]. Among these methods co-precipitation method is low cost, easy and can be used to 

prepare nano sized particles. In this paper, synthesis of ZnO nanoparticles at low temperature, their 

structural characterization and photocatalytic activity are reported.  
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EXPERIMENTAL 

In this paper, Co-precipitation route is used for synthesis of nanocrystalline ZnO particles at low 

temperature (0-50C) using mixture of ice and salt. AR grade Zinc nitrate, Zinc acetate, sodium hydroxide and 

methylene blue were used as starting materials. 0.01 M Zinc salt was treated with 0.01 M sodium hydroxide. 

The addition of base was done very slowly (1ml per 15 sec) with constant stirring. The colloidal precipitate of 

zinc hydroxide thus obtained was further subjected to the process of microwave irradiation. The microwave 

oven used was of electroflux make with 100% power of 680 W and frequency of 2.45 GHz. The dried sample 

obtained of ZnO was the used for further characterization.  

Photocatalytic activity measurement: 

To evaluate photocatalytic activity study of as prepared ZnO nanostructure, 10 ppm aqueous 

methylene blue (MB) dye solution was chosen.  Initially, 100 ml, 10 ppm MB solution was taken in 150 mL 

conical flask. To this solution 50 mg of prepared ZnO was added and stirred for 30 min in dark in order to 

attend the absorption desorption equilibrium. The sample was kept under 400 W mercury vapor lamp with 

continuous stirring. A small aliquot of samples were removed after fixed interval of time and centrifuged for 

15 min at 3000 rpm to separate the catalysis. The supernatant liquid was analyzed using UV-visible 

spectrophotometer (UV-3600, Shimadzu) to record the change of MB concentration. The change in 

absorbance value at wavelength 664 nm was measured to find out the % MB degradation.  

% MB degrade =C0-Ct / C0 × 100        (1 ) 

where C0 is an initial concentration of MB and Ct is the concentration of MB after irradiation time ‘t’. 

 

RESULT AND DISCUSSION 

1. X-Ray diffraction studies 

The fig. 1 shows X-ray diffraction pattern of nanocrystalline ZnO particles prepared at low temperature. 

The patterns consist of peaks, which match the common ZnO hexagonal phase, i.e., wurtzite structure [80–

0074, JCPDS]. The average crystallite size, estimated by Scherrer's equation  [5] 

                                                      D = 0.9 λ/ β(cos θ)                                         (1) 

Where λ, is the x-ray wave length and β is the FWHM, for the (100), (002), and (101) diffraction 

peaks, for the ZnO is about 31 nm. From fig. 1, it is seen that some impurity peaks were observed in 

nanocrystalline ZnO particles prepared at low temperature. The impurity small peaks may be due the 

formation of carbonates. 
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Fig. 1 X-ray diffraction pattern of nano-crystalline ZnO particles prepared at low temperature. 

2. Scanning Electron Microscopy 

The SEM image of ZnO particles prepared at low temperature is shown in fig. 2. It shows small 

agglomeration of ZnO particles having average particle size about 150nm. The grain growth in chemical 

methods depends upon particle size, their distribution, porosity, homogeneity in chemical composition, and 

aadopted synthesis process [6]. From SEM, it is clear that the grains are not uniform and some spherical and 

rod like ZnO particles are observed. Some pores are observed which may be due to the non-uniform shape 

and size of the particles. 

 

Fig. 2SEM image of nano-crystalline ZnO 

nanostructures prepared at low temperature. 
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Fig. 4 Photocatalytic methylene blue 

degradation with irradiation time using ZnO 

nanostructures 

3. Photocatalytic activity study 

The photocatalytic activities of ZnO nanostructures were evaluated by the degradation of MB dye under 

UV irradiation. The changes in the concentration of MB with irradiation time was monitored by UV-Visible 

spectroscopy and shown in Figure 4. Figure 5 showed the graph of % MB remained with irradiation time. 

Almost 92% MB degradation was observed within 105 minutes of light irradiation. Generally, the 

photocatalytic dye degradation reaction follows a Langmuir–Hinshelwood model and it shows apparent first 

order reaction kinetics. The rate constant values are calculated from the slope of plot of ln(C0/Ct) versus 

irradiation time where C0 is initial MB concentration and Ct is the concentration at time t. The apparent rate 

constant value was caluculated from slope of the graph which is  3.6×10−2 min−1. In present case, nature of the 

graph indicates, pseudo first order reaction kinetics for photocatalytic MB degradation.  
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Fig. 5. (a) Graph of amount of MB remained with irradiation time using ZnO as a photocatalysts (b) 

Graph of ln Co/Ct versus irradiation time. 

The general mechanism of photocatalytic MB degradation is shortly explained as follows. In presence 

of mercury vapor lamp, the electron from valence band (VB) of ZnO goes into the conduction band (CB), 

generating electron–hole pairs. The holes from VB can react with surface bound H2O and OH− to produce the 

hydroxyl radical, whereas electrons from CB react with oxygen and form superoxide radical anions. Finally, 

these formed oxygen radicals are responsible for MB degradation. 

 

CONCLUSION 

From these results, we can conclude that co-precipitation method can be adopted efficiently to 

prepare nanocrystalline ZnO particles of wurtzite structure at low temperature. X ray diffraction pattern 

confirms that formation of ZnO nanocrystalline particles with small impurity phase.  Spherical 

monodispersed ZnO nanocrystalline particles were synthesized under microwave oven which rapid synthesis 

technique. It is promising, clean and cheap way than any other conventional methods. The ZnO synthesized at 

low reaction temperature showing apparent rate constant for photocatalytic MB degradation (Kapp = 

3.6×10−2 min−1).  
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ABSTRACT 

The tropical location of Western Maharashtra exposes it to excessive rainfall, high humidity and high 

temperature. In these conditions, the Deccan Trap basalts in this area progressively weather insitu to laterites 

and bauxites. The blanket-type bauxite deposit and laterites of the Shahuwadi area has been studied with 

reference to its geological setting, mineralogy and genesis. Field relations indicate the following successive 

stages developed during in-situ weathering: basalt (parent rock) → altered basalt → clay → aluminous 

laterites → bauxite. Residual laterites overlying the saprolitic/lithomargic clays exhibit vesicular, spongy and 

pisolitic macrotextures and are composed mainly of hematite and goethite with minor proportions of 

gibbsite, kaolinite and anatase. Bauxites, which occur as pockets and lenses within the laterites, display 

pisolitic, massive and nodular microtextures, and are predominantly composed of gibbsite with minor 

amounts of anatase, kaolinite , hematite and goethite.  

KEYWORDS: Deccan Trap, Laterite, Bauxite, blanket-type, goethite. 

 

INTRODUCTION 

Weathering and sedimentation are the two geochemical processes of greatest importance to man, 

since they provide us with our basic economic resource; the soil. Soils result from weathering of rocks and as 

such their physical and chemical constitution is primarily a function of the parent material and the 
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environment. The same parent rock may give rise to very different soils under different environmental 

conditions. The environmental factors which affect soil formation include climate, biological activity and 

topography. The most important of these is climate. Tropical weathering is a prolonged process of chemical 

weathering which produces a wide variety in thickness, grade and ore mineralogy of the resulting soil 

through lateritization. Lateritization is the process whereby rocks are converted to laterite by the enrichment 

of oxides and hydroxides of iron and aluminum and depletion of silica. It is favoured by low topographic 

relief, a warm climate with alternating wet and dry seasons, and a fluctuating water table near the surface, 

which enables insoluble oxides of iron and aluminum to be precipitated in the zone of aeration. Laterite is a 

reddish residual soil formed by the weathering of parent rocks under strong oxidizing and leaching 

conditions (F. A. Ushie and C.N. Ehirim, 2012).  

 The term 'laterite' was first proposed by Francis Buchanan in 1800 (Fox, 1923) to describe the red 

building stone material excavated from the hills around Angadipuram, a village in Kerala, India. The 

sediments rich in alumina near Les Baux, France were named as 'bauxite' by Berthier in 1821. The term 

'bauxite' was extended to cover the gibbsite-rich weathering products of basalts in Germany by Liebrich in 

1892 (Valeton, 1972). 

Laterite is a generic term for the rock products of lateritization. The latter is a form of superficial 

weathering resulting in an increase of aluminum and titanium, also frequently but not invariably of iron, and 

in a decrease of alkaline earths and silica. Bauxite is a residual or sedimentary rock in which the aggregate 

content of the oxide and/or hydroxide minerals of aluminum, iron and titanium is greater than 50%, and 

aluminum minerals are more abundant than the minerals of the two other elements together. Bauxite genesis 

covers all those processes of alteration and sedimentation which lead to the formation of rocks enriched in 

aluminum, including processes of weathering, transportation and deposition. Bauxitization is that phase of 

bauxite genesis in which the material of some rock is converted into bauxite or in which the conversion into 

bauxite of a rock already partially bauxitized is continued. Bauxitization is a special case of lateritization, 

characterized by a prevalence of aluminum enrichment (D.V. Chitale, 1986). 

 

OCCURRENCE OF LATERITES AND BAUXITES 

Deccan Trap basalts at Western Maharashtra, India progressively weather in situ to laterites and 

bauxites via an intermediate stage of saprolitic clays. The unweathered basalts are predominantly composed 

of a calcic plagioclase and a ferrous pyroxene, with minor proportions of magnetite, ilmenite, volcanic glass, 

iddingsite and palagonite. Dissolution etch pits form due to weathering on the surfaces of minerals in basalts. 

Weathered basalts are composed of various combinations of smectites, kaolinites, goethite, hematite and 

anatase. Kaolinite is the principal mineral in the saprolitic clays overlying the basalts in the residual bauxite 

deposits. It commonly forms a framework of submicron sized, irregular shaped platelets, and occasionally 

occurs as booklets of hexagonal platelets that rarely form spheroidal aggregates. Residual laterites overlying 

the saprolitic clays exhibit vesicular, spongy and pisolitic macrotextures and are composed mainly of 
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hematite and goethite with minor proportions of gibbsite, kaolinite and anatase. Bauxites, which occur as 

pockets and lenses within the laterites , display pisolitic , massive and nodular microtextures, and are 

predominantly composed of gibbsite with minor amounts of anatase, kaolinite , hematite and goethite. 

Laterites and bauxites are characterized by framework microtexture formed by three-dimensional packing of 

crystallites (D.V. Chitale, 1986). The study area considered here i.e. Shahuwadi Taluk of Kolhapur District 

(Shown in the Fig-1), represents the Western Maharashtra, India only.  

 

REVIEW OF THE PREVIOUS STUDIES 

Geology of Western Maharashtra- 

The following summary of the geology of western Maharashtra including Shahuwadi Taluk is based 

on Sahasrabuddhe (1978) and Chitale (1980): 

The oldest rocks in western Maharashtra are represented by Precambrian granites, gneisses and 

metasediments. These are overlain by the Early Paleozoic sandstones and quartzites. All the older rock units 

are unconformably overlain by the Deccan Trap Basalt lava flows of Late Cretaceous to Tertiary age. The 

rocks older than basalt crop out only extremely rarely. In most parts of western Maharashtra the Deccan 

Basalts are overlain by clays and/or laterites. The bauxites are included within laterites. The laterites are 

occasionally overlain by Quaternary sediments that are commonly represented by beach sediments and loess. 

Table-1 displays the summary of the regional geology of western Maharashtra. Deccan Trap basalts are the 

oldest rocks exposed in the study area in western Maharashtra, and are capped by laterites and bauxites. 

  

Mineralogy and Genesis- 

The earliest reference to laterites and bauxites in western India are by Wynne (1872), Foote (1876) and 

Fox (1923). They described the general geology of the region and the physical features of the laterites and 

bauxites. The bauxite deposits in western India were extensively studied later by Sahasrabuddhe (1961, 

1962, 1978). He provided excellent summaries of field descriptions, chemical analyses and petrography of 

laterites and bauxites from several profiles in Maharashtra and Gujarat states. He recognized laterites and 

bauxites cappings over Deccan basalts in most parts of western India, and bauxite cappings over pyroclastics 

in Gujarat state. 

Valeton (1967) studied the geologic history of bauxites over the Deccan Trap basalts and suggested 

that the bauxites at high elevation represent polygenetic soils formed on uplifted trap basalt areas. Valeton 

explained the occurrence of bauxite deposits at different elevations on the Deccan Plateau by envisaging step 

faulting of a peneplain. Raja Rao (1976), on the contrary, attributed such occurrence of bauxite to the 

weathering process and mass removal of the weathering products up to different layers in the basalt flow 

areas. Laterites and bauxites formed in Maharashtra on peneplained surfaces that were gently sloping 

southerly or southwesterly (Sahasrabuddhe and Deshmukh, 1981). The effect of a fluctuating water table 

during the weathering of basalts was also stressed by Sahasrabuddhe and Deshmukh. Bauxites formed above 
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the water table under conditions of good drainage, while the saprolitic clays formed below the water table. 

Balasubramaniam and Paropkari (1975), and Balasubramaniam and Sable (1976), respectively, studied the 

mineralogy of high-level bauxite at Nangrataswadi in Maharashtra and that of low-lying bauxites from the 

Kutch mainland in Gujarat state. Gibbsite is the main mineral in bauxites, with minor amounts of boehmite, 

allophane, and cllachite. Successive stages of weathering from basalt to weathered basalt through lithomargic 

clay to bauxites were recognised in the above bauxite profiles. Chitale (1980), and Dessai and Chitale (1980) 

studied in detail the mineralogic and megascopic textural features of the bauxites at Srivardhan, in 

Maharashtra state on the west coast of India.  

 

 

          

 Fig-1. Maps showing location of Kolhapur and Shahuwadi Taluk in Maharashtra. (Not to the scale) 

The mineral composition of bauxites and laterites was determined by infra-red (IR) spectroscopy 

and differential thermal analysis (DTA). Gibbsite is the main mineral of bauxites, while hematite and goethite 

predominate in laterites. Small amounts of kaolinite, anatase, bayerite, boehmite and nordstrandite are also 

present in these laterites and bauxites. Chemical analyses of the rocks in the laterite profiles indicate that 

silica, bases from the Deccan Trap basalts were selectively removed during the weathering, resulting in the 

concentration of Al, Fe and Ti that are the major elements of bauxites and laterites. Reviews on the general 

stratigraphy and physiography (Table-1) of the bauxite bearing regions in India, and on the occurrence and 

economic reserves of bauxites are available from Rao (1975), Sastry (1981) and Das Gupta (1984). 

 

Bauxitization Process- 

There is a voluminous literature available on the weathering of rocks, neoformation of clay minerals, and 

mineralogy, geochemistry and genesis of laterites, bauxites and associated clays from various parts of the 

world. Some of the important publications relevant to the study of bauxitization are reviewed below. 
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An excellent review of the surficial weathering of basic igneous rocks was done by Cawsey and Mellon 

(1983). Water is the most important agent of chemical weathering, acting through the process of dissolution 

and hydrolysis. Oxidation, pH and drainage are the principal factors that Influence the progress of weathering 

in a given rock. Fe 2+ converts to Fe 3+ under oxidizing conditions affecting Fe within silicate minerals and 

aiding the disruption of the crystal structure. Insoluble Fe3+ hydroxides form and are residually concentrated 

in a weathering profile. 

 

 

Under reducing conditions, Fe3+ is mobilized as Fe2+ and leached away from the weathering profile. Low 

pH promotes hydrolysis of silicate minerals by protonation of the silicate structure. Silica solubility rapidly 

Increases at pH of near or above 9 and Al and Fe hydroxides are soluble at pH below 4. The quantity of water 

passing through the zone of weathering Influences the nature of secondary minerals which form during 

weathering. Under conditions of large amounts of water percolating through the rocks and with good 

drainage even slightly soluble elements are leached out, leaving an Insoluble residue of Fe3+ and Al 

hydroxides. When the drainage is impeded or where there is insufficient water to leach out the weathering 

products, clay minerals form. 

Formation conditions of clay minerals under lateritic conditions are summarized by Harder (1977). 

Smectite minerals form under alkaline or neutral pH conditions from basic igneous rocks. Smectite minerals 

can form from acidic magmatic rocks only under alkaline pH conditions which are produced by K or Na of the 

freshly weathered feldspar. Under tropical climates of lateritization, clay minerals form below the water table 

during the dry seasons. Silica contents are very low during the wet seasons and clay minerals cannot form. 
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Smectites form in inorganic basic solutions, while kaolinite minerals crystallize in weakly acid solution aided 

by the presence of organic compounds.  
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ABSTRACT 

 MHD boundary layer flow of Non-Newtonian Power law fluid past a continuously moving flat porous 

plate has been considered. The governing equations of continuity and momentum are transformed into 

ordinary differential equation by using similarity transformations. The equation is solved by using method of 

successive approximations starting with zeroth approximation. For n=1 the results tallies with Corresponding 

results for Newtonian fluids. Skin Friction Coefficient  𝐶𝑓
∗  for different values of parameter n, magnetic 

parameter M, velocity ratio parameter ∊ , suction /injection parameter 𝑓𝑤  have been obtained. For fixed 

values of M,  𝑓𝑤  and ∊, as n increases the skin friction coefficient decreases. The effect of increase in value of 

magnetic parameter M is to increase in skin friction coefficient 𝐶𝑓
∗.As velocity parameter ∊ increases then 

skin friction increases. The effect of suction is to increase the Skin friction and increase in injection leads to 

decrease in skin friction 

KEYWORDS:  MHD boundary layer, Power law fluids, velocity ratio parameter. 

 

INTRODUCTION 

Boundary layer flows of viscous, incompressible fluid past semi infinite flat plate were studied by 

Blassius [1], Howarth [2]. MHD boundary layer flow of Non-Newtonian Power law fluid past a continuously 

moving flat plate has been studied by Rajput&Prasad [3],Anuar Ishak&Norfifah Bachok [6]. Mahapatra et.al 

[7] have studied the MHD boundary layer flow of Non-Newtonian Power law fluid past Stretching surface. 

Mahmoud, M.A.A. and Mahmoud, M.A.E.[8] have obtained analytical solutions of hydro magnetic boundary-

layer flow of a non-Newtonian power-law fluid past a continuously moving surface . Anderson et.al[9], Cortell, 
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R [10], Anuj Kumar Jhankal [11] etc. have studied the MHD   Boundary layer flows of power law fluid past 

moving plate.. Jadhav & Wagmode [4] have studied Heat and Mass transfer problems to laminar boundary 

layer flow of power law fluid past a continuously moving flat plate. Approximate solutions to MHD boundary 

layer flow of power law fluid past continuously moving flat plate were obtained by Jadhav [5]. He has used 

the method of successive approximations starting with zeroth approximation to find the solution of the 

problem.  

In this paper we have obtained skin friction coefficients for various values of flow index n, magnetic 

parameter M and velocity ratio parameter ∊, suction /injection parameter𝑓𝑤  for Power law fluid flow. 

 

MATHEMATICAL ANALYSIS 

        Consider a steady, two dimensional flow of an electrically conducting, non-Newtonian power law 

fluid past a continuously moving flat plate in the presence of transverse magnetic field of strength 𝐵𝑜  .The 

boundary layer equations are 

                         𝑢
𝜕𝑢

𝜕𝑥
 ++ 𝑣

𝜕𝑢

𝜕𝑦
   = -γ 

𝜕

𝜕𝑦
(−

𝜕𝑢

𝜕𝑦
)𝑛 −

𝜍  𝐵2
𝑜𝑢

𝜌
   ----- (1) 

                                       
𝜕𝑢

𝜕𝑥
 +

𝜕𝑢

𝜕𝑦
   = 0                        ------ (2) 

                                  With boundary conditions 

                           u=𝑈𝑤 , v= 𝑣0 (𝑥) at y=0 and u→ 𝑈∞ 𝑎𝑠 𝑦 → ∞ ---- (3) 

Introduce a stream function ∅ (x, y) such that  𝑢 =
𝜕∅

𝜕𝑥
 , 𝑣 = −

𝜕∅

𝜕𝑦
 ----- (4) 

Substituting equation (4) in (1) , it reduces to 

          
𝜕∅

𝜕𝑦
 
𝜕2∅

𝜕𝑥  𝜕𝑦
 -  

𝜕∅ 

𝜕𝑥

𝜕2∅

  𝜕𝑦2 = −γ 
𝜕

𝜕𝑦
(−

𝜕2∅

  𝜕𝑦2 )𝑛 − 𝑠𝑜  
𝜕∅

𝜕𝑦
           ------- (5) 

                                                              Where  𝑠𝑜  =
𝜍  𝐵2

𝑜𝑢

𝜌
    . 

 

Let          η= y (
𝑈2−𝑛

𝛾𝑥
)

1

𝑛+1      , ∅ 𝜂 =(𝛾𝑥𝑈2𝑛−1)
1

𝑛+1  𝑓( η)         --------- (6) 

Substituting the values in (6) to the equation (5) reduces to 

             𝒏 𝒏 + 𝟏 (−𝒇′′)𝒏−𝟏𝒇′′′ + 𝒇 𝒇′′ −𝑴𝒇′ = 𝟎                   ------- (7) 

 Where    M = 
 𝒏+𝟏 𝒙𝒔𝒐 

𝑼
   is magnetic parameter. The Boundary conditions are                                              

  𝑓 0 =  𝑓𝑤  , 𝑓 ′ 0 =∊, 𝑓 ′ ∞ = 0  ------------ (8) 

Where ε = 𝑈𝑤  /𝑈∞ is the velocity ratio parameter. We note that when ε = 0 (stationary plate) and n = 1 

(Newtonian fluid), the present problem reduces to the classical Blasius problem.  

                                                                          

When ε < 0, the fluid and the plate move in the opposite directions, while they move in the same direction 

when ε >0. The case 0 < ε < 1 means when the speed of the plate is less than those of the fluid and the 
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opposite is true when ε >1. Moreover, ε = 1 corresponds to the case when the plate and the fluid move with 

the same velocity. We consider ε > 1. 

METHOD OF SOLUTION 

To solve the non-linear differential equation (7) under the boundary conditions (8), we use method of 

successive approximations starting with zeroth approximation. 

For zeroth approximation, we assume 

                       𝑓(η) =   𝑓𝑤 + η + 
(ε−1)

𝛽    
−  

(ε−1)

𝛽    
𝑒−𝛽𝜂               ------------ (9) 

Where β is arbitrary constant to be determined such that for the first approximation𝑓 ′ 0 = ε  ,      i. e.  β 

is real root of the equation  

𝑛 𝑛 + 1 (𝛽)𝑛+1 −
𝑀

∊ ∊−1  𝑛−1  𝑛−1 2 −
(𝑀+𝛽  𝑓𝑤 )

∊ ∊−1  𝑛−2  𝑛−2 2 +
(∊+1)

∊ ∊−1  𝑛−2  𝑛−2 3 +
1

∊ ∊−1  𝑛−2  𝑛−3 2 = 0                                

                                                                                                                                ----------- (10) 

The different successive approximations can be obtained from 

     𝑓′′′
𝑖
 = 

1

𝑛(𝑛+1)
[ 𝑀𝑓 ′.

𝑖−1
((−𝑓𝑖−1′′)1−𝑛 + 𝑓𝑖−1(−𝑓𝑖−1 ′′)2−𝑛  ] ---- (11) 

For the first approximation, we have, 

            𝑓1
′′′ =  

1

𝑛(𝑛+1)
[ 𝑀𝑓0

′(−𝑓0′′)1−𝑛 + 𝑓0(−𝑓0′′)2−𝑛  ]    ---------- (12) 

Integrating (12) with boundary conditions (8), we obtain, 

𝑓1
′′ 𝜂 = 𝐴1𝑒

 𝑛−1 𝛽𝜂 + (𝐴2 + 𝐴3𝜂 − 𝐴4)𝑒 𝑛−2 𝛽𝜂  - 𝐴5 𝑒(𝑛−3)𝛽𝜂 + 𝐴6 𝑒 𝑛−2 𝛽𝜂    ------- (13) 

      Where, 

     𝐴1 =
𝑀(∊−1)(1−𝑛 )

𝑛 𝑛+1 (𝑛−1)𝛽𝑛  ,     𝐴2 =
(𝑀+𝛽  𝑓𝑤 )(∊−1)(2−𝑛 )

𝑛 𝑛+1 (𝑛−2)𝛽𝑛  
,              𝐴3 =

(∊−1)(2−𝑛 )

𝑛 𝑛+1 (𝑛−2)𝛽𝑛−1   
,   

      𝐴4 =
(∊−1)(2−𝑛 )

𝑛 𝑛+1  𝑛−2 2𝛽𝑛    ,             𝐴5 =
(∊−1)(3−𝑛 )

𝑛 𝑛+1 (𝑛−3)𝛽𝑛   ,      𝐴6 =  
(∊−1)(3−𝑛 )

𝑛 𝑛+1 (𝑛−2)𝛽𝑛        ---- (14) 

                                                                                                                                                          

                                        𝑓1
′′  0      =          𝐴1 + 𝐴2 − 𝐴4 − 𝐴5 + 𝐴6 

Local skin friction coefficient is given by 

𝐶𝑓
∗      = [−𝑓′′(0)]𝑛 = ( −𝐴1 − 𝐴2 + 𝐴4 + 𝐴5 − 𝐴6)𝑛  

Values of   β can be obtained for various values of power index n and magnetic parameter M and velocity 

ratio parameter ε from the equation (10) using Mat lab 2012. 

For different values of β, n, magnetic parameter M and velocity ratio parameter ε, values of   𝑓1
′′ 0  can be 

obtained. Hence Skin friction coefficient 𝐶𝑓
∗  can be obtained for various values flow index n and magnetic 

parameter M and velocity ratio parameter ε and suction /injection parameter𝑓𝑤 . 

For   M=0 the solution of the equation (13) agrees with the solution obtained by Jadhav and Wagmode [5] 

for flat plate. For n=1 the results tallies with the corresponding results for Newtonian fluids. Skin Friction 

coefficient 𝐶𝑓
∗  obtained for various values of   n, M, ε , 𝑓𝑤  are shown in the tables 1-2. For M=0 there exists 
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real values of Skin Friction coefficient 𝐶𝑓
∗ for different values of   power law flow index n (1< n <2). But for 

non zero values of M the real values of Skin Friction coefficient 𝐶𝑓
∗ exists for 1< n <1.8 only. 

 

CONCLUSIONS 

(1) The results obtained for M=0 agrees with the results obtained for continuously moving flat plate. 

(2) For fixed value of magnetic parameter M , suction /Injection  𝑓𝑤  and velocity ratio parameter ∊ 

increase in power law flow index n leads to decrease in Skin Friction coefficient𝐶𝑓
∗ . 

(3) For fixed value power law fluid index n, suction /Injection  𝑓𝑤  and velocity ratio parameter ∊, 

increase magnetic parameter leads to increase in Skin Friction coefficient𝐶𝑓
∗ . 

(4) For fixed value power law fluid index n, suction /Injection  𝑓𝑤  and magnetic parameter M, increase in 

velocity ratio parameter ∊ leads to increase in Skin Friction coefficient𝐶𝑓
∗ . 

(5) For fixed value power law fluid index n, magnetic parameter M and velocity ratio parameter ∊, 

increase suction /Injection  𝑓𝑤  leads to increase in Skin Friction coefficient𝐶𝑓
∗ . 

  

Table1. Calculation of Skin friction coefficient 𝑪𝒇
∗For ∊=1.2,  𝒇𝒘 = 𝟎 

M / n-- 1.1 1.2 1.3 1.4 1.5 1.6 1.7 1.8 
 

0.0 
 

0.0159 0.0097 0.0056 0.0029 0.0013 0.0005 0.0001 0.0000 

0.2 
 

0.2788 0.2396 0.1854 0.1175 0.0567 0.0193 0.0037 0.0001 

0.4 
 

0.3973 0.3568 0.3038 0.2235 0.1278 0.0507 0.0113 0.0004 

0.6 
 

0.4895 0.4480 0.3975 0.3148 0.1991 0.0882 0.0221 0.0012 

0.8 
 

0.5683 0.5260 0.4777 0.3955 0.2678 0.1287 0.0354 0.0025 

1.0 
 

0.6384 0.5955 0.5492 0.4685 0.3332 0.1707 0.0506 0.0042 

Table 2. Calculation of Skin friction coefficient 𝑪𝒇
∗For ∊=1.5,  𝒇𝒘 = 𝟎 

M / n-- 1.1 1.2 1.3 1.4 1.5 1.6 1.7 1.8 
 

0.0 
 

0.0779 0.0513 0.0314 0.0175 0.0085 0.0034 0.0010 0.0002 

0.2 
 

0.3055 0.2442 0.1610 0.0836 0.0331 0.0088 0.0011 - 

0.4 
 

0.4213 0.3530 0.2577 0.1491 0.0632 0.0167 0.0013 - 

0.6 
 

0.5116 0.4377 0.3369 0.2101 0.0957 0.0267 0.0019 - 

0.8 
 

0.5888 0.5100 0.4056 0.2667 0.1291 0.0383 0.0031 - 

1.0 
 

0.6576 0.5745 0.4672 0.3194 0.1626 0.0511 0.0047 - 
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Table 3. Calculation of Skin friction coefficient 𝑪𝒇
∗ For ∊=1.5, n=0.5 

M /  𝒇𝒘 0 0.5 1.0 -0.5 -1.0 

0.0 0.0085 - 0.1687 - - 

0.5 0.0834 1.0228 1.1041 0.8503 0.7563 

1.0 0.1331 1.3009 1.3788 1.1391 1.0540 

 
Table 4. Calculation of Skin friction coefficient 𝑪𝒇

∗ For ∊=1.5, n=1.5 

M /  𝒇𝒘 0 0.5 1.0 -0.5 -1.0 
 

0.0 0.0159 0.0097 0.0056 0.0029 0.0013 

0.5 0.2788 0.2396 0.1854 0.1175 0.0567 

1.0 0.3973 0.3568 0.3038 0.2235 0.1278 
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ABSTRACT 

 In mathematics "Modular Arithmetic" is a system of arithmetic for integers. It can be handled by 

introducing a congruence relation (which is equivalence relation i.e. reflexive, symmetric and transitive) 

compatible with arithmetic operators like addition, subtraction and multiplication. Famous finite sets defined 

in algebra with modular arithmetic are integer modulo n i.e. ℤnand ℤn
∗  which are cyclic group with respect to 

operators addition modulo n "+n" and multiplication modulo n "∙n". C language has 3 signed integral data 

types namely signed char (8 bits), signed int(16 bits) and signed long int (32 bits). In this paper we check 

whether these 3 data types follows modular arithmetic with respect to addition and multiplication operator 

in C and relation between these three data types. 

KEYWORDS:  Congruence relation; equivalence relation; reflexive; symmetric; transitive; Group. 

 

INTRODUCTION 

In mathematics, modular arithmetic is a system of arithmetic for integers, where numbers "wrap 

around" upon reaching a certain value—the modulus. If we have 8 bit integer and we have store 255 in it, 

then bit pattern is [11111111] if we apply 8 bit shift operator on it, some of the data may be lost after some 

mailto:1patankarsanjayp@gmail.com
mailto:2thoratsanjay15@gmail.com
mailto:3raj_shendre@yahoo.co.in
mailto:4amitathanikar@gmail.com
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http://en.wikipedia.org/wiki/Mathematics
http://en.wikipedia.org/wiki/Arithmetic
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iteration, modular arithmetic works on same principle. In C programming language there are three types of 

data types: Abstract Data types(Arrays, Functions, Pointers), User-Defined Data types(Structure, Union, 

Enumerated Data Type), Built in Data types(void, Integral, floating). Integral Data types are categorized using 

qualifiers signed and unsigned. We just discuss here signed integrals: signed char ranges from −128 to 127, 

signed short ranges from −32768 to 32767 and signed long ranges from −2147483648 to 2147483647.  

 

ALGEBRA 

CONGRUENCE RELATION MODULO 𝐧 

Let a and b are two integers and n > 1 be an integer, if n|(a − b), (n divides (a − b)) we say that 'a is 

congruent to b modulo n' and denoted as a ≡ b(mod n), which defines a relation in the set of integers ℤ, and 

is called as congruence relation modulo n. 

 Congruence relation is equivalence relation 

 Every equivalence relation has equivalence classes. 

 Equivalence classes of Congruence relation are known as Residue class modulo n. 

 Set of such residue classes is denoted as  ℤn =  0 , 1 ,… , n − 1        . 

 The set of residue classes which are relatively prime to n is called as prime residue classes in ℤn  is 

denoted as ℤn
∗ .  

 Two operators defined on ℤn  are addition modulo n +n  and multiplication modulo n ∙n . 

GROUP 

A non-empty set G with binary operation ∗ is said to be a group if, ∗ is associative in G, their exist an 

identity element(e) in G with respect to ∗, their exist an inverse element in G for every element in G with 

respect to ∗ and denoted by  G,∗ . 

 If ∗ is commutative in G then it is known as abelian group.  ℤn , +n  and  ℤn
∗ ,∙n  are abelian groups.  

 

Table I. Composition Table  ℤ𝟖, +𝟖  

+8 0  1  2  3  4  5  6  7  

0  0  1  2  3  4  5  6  7  

1  1  2  3  4  5  6  7  0  

2  2  3  4  5  6  7  0  1  

3  3  4  5  6  7  0  1  2  

4  4  5  6  7  0  1  2  3  

5  5  6  7  0  1  2  3  4  

6  6  7  0  1  2  3  4  5  

7  7  0  1  2  3  4  5  6  
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Table 2. Composition Table  ℤ𝟖
∗ ,∙𝟖  

∙8 1  3  5  7  

1  1  3  5  7  

3  3  1  7  5  

5  5  7  1  3  

7  7  5  3  1  

 

 The number of elements in G is called as order of group is denoted as 0(G).  

 If we operate an element of group in least finite amount of time less than the order of group and if 

it results in identity element in G then this number is called as order of that element.  

 Order of element and inverse element is same.  

 Order of identity element is 0 and relatively prime element is exactly n.  

 Order of element divides order of group.  

 If an element in group G generates group G then G is cyclic group and order of element is exactly 

n. 

  ℤn , +n  is cyclic group.  

 Every cyclic group is abelian group.  

 A non empty subset H of G is said to subset of G if  H,∗  is group.  

 Order of every subgroup divides order of group. 

 Every element of group generates sub group of group. 

 Every subgroup of an abelian group is abelian. 

 Every subgroup of cyclic group is cyclic. 

 

LAGRANGE'S' THEOREM 

If  G,∗  is a group and  H,∗  is a subgroup of G then Ha  and aH are right and left coset of H by an element 

'a'. 

 There is one-to-one correspondence between any two right cosets.  

 Any two right cosets  are either identical or disjoint. 

 Left coset and right coset of subgroup H by a are identical if G is abelian group. 

 The number of distinct right cosets of H with respect to a in G is called the index of H in G, 

 G: H =
0 G 

0 H 
. 
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SIGNED INTEGRALS 

Consider following source code in C++ 

for signed char cnt = −128; cnt <= 127; 𝑐𝑛𝑡 + + ; for signed short cnt = −32768; cnt <= 32767; 𝑐𝑛𝑡 +

+ ; for signed long cnt = −2147483648; cnt <= 2147483647; 𝑐𝑛𝑡 + + ; all these are infinite loops since 

for signed char 127 + 1 =  −128, for signed short                        32767 + 1 =  −32768 and for signed long 

2147483647 + 1 = −2147483648. From above observation it is clear that all these data types repeat 

from lower bound values after reaching their upper bound. 

 

AS ABELIAN GROUP 

Signed character is ℤ256 =  0 , 1 , 2 ,… , 255      , signed short is ℤ65536 =  0 , 1 , 2 ,… , 65535           and signed long 

is ℤ4294967296 =  0 , 1 , 2 ,… , 4294967295                  . All these are abelian group with respect to addition + operator 

in C i.e. addition operator in C is nothing but +256 , +65536 , +4294967296 . Orders of these groups are nothing 

but 28 , 216  and 232 . Identity element is 0  and inverse element is n − a      . Euler ϕ function defines as number 

of relatively prime number less than n,  

ϕ n = n  1 −
1

pi

  

where piare distinct prime factors of n. All 2k  has only prime factor i.e. 2 and hence if n = 2k  then 

ϕ n =
n

2
 and it is observe that all odd numbers less than n are relatively prime to n hence prime residue 

classes are  

ℤ256
∗ =  1 , 3 , 5 ,… , 255      , ℤ65536

∗ =  1 , 3 , 5 ,… , 65535           and ℤ4294967296
∗ =  1 , 3 , 5 ,… , 4294967295                   are 

group with respect to multiplication operator in C i.e. multiplication operator in C is nothing but 

∙256 ,∙65536 ,∙4294967296  . 

 

AS CYCLIC GROUP 

ℤ256 , ℤ65536 , ℤ4294967296  are cyclic group with respect to addition generated by  all odd elements of 

above groups.  

SUBGROUPS OF  ℤ𝟐𝟖𝐤 , +𝟐𝟖𝐤 , RIGHT COSET AND INDEX  

We just generate subgroups using even numbers and here we observe that  

0 H = 0 2k    =  

n

2
 if k is odd

n

2k
 if k is even

   where 2k ≤
n

2
 

and have either 2 cosets if k is odd or 2k cosets if k is even. 
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SUBGROUPS OF  ℤ∗
𝟐𝟖𝐤 ,∙𝟐𝟖𝐤 , RIGHT COSET AND INDEX  

 ℤ∗
28k ,∙28k   is not a cyclic group hence none of the element in the group generates group itself because 

order of each element in this group is less than the order of group of the form 2a  where a < 8𝑘 and hence 

for every element in this group we can find 2 or more than two right coset i.e. 2n−a  in number.  

 

 

SCOPE  

As there is bijection mapping between two right cosets  we can define several encryption, decryption 

mapping by different k and index value on multiplication modulo group since it is not cyclic, Even we can use 

addition modulo cosets to in simulation to generate random numbers. In searching techniques we can 

improve hashing and rehashing functions using both addition as well as multiplication modulo cosets. Here 

we have observed that influence of algebra in early development of languages is more compare to modern 

languages since modern languages define overflow and underflow situations. 
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ABSTRACT 

 Some characterizations of distributive lattices in terms of maximal ideal relative to  - sub-

semilattice are furnished. Corrections to some of the characterizing properties given by G. Jiang are provided. 

Using the concept of semi-prime ideals introduced by Rav distributivity of a lattice is characterized. 

KEYWORDS: Distributive lattice, maximal ideal, prime ideals, semi-prime ideals.   
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INTRODUCTION 

For the basic concepts in lattice theory needed in the sequel we refer to [2]. As a generalization of 

Stone’s theorem ([2], pg. 74, Theorem 15) for a distributive lattice following result is well known. 

Result:- Let 𝐿 be a bounded distributive lattice. Let 𝐼 be an ideal and 𝑆 be a  - sub-semilattice of 𝐿 disjoint 

from 𝐼. Then there exists an ideal 𝑃 in 𝐿 containing 𝐼 and disjoint from 𝑆 and maximal with respect to this 

property. Further, this ideal 𝑃 is prime.  

         It is observed that for the existence of such ideals in 𝐿, distributivity of 𝐿 is not needed, the existence is 

guaranteed by Zorn’s lemma only (see Theorem 2.1). This motivates us to introduce the concept of maximal 

ideals relative to  - sub-semilattice of a lattice 𝐿. Naturally this will generalize the concept of maximal ideals 

relative to a filter defined by Jiang in [3] and maximal ideals relative to a sublattice of lattice  𝐿 studied by 

Kinugawa and Hashimoto in [4]. Recently Jiang in [3] has obtained some characterizations of a distributive 

lattice using the concept of maximal ideals relative to a filter. Unfortunately some of the characterizing 
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properties given in Theorem 2.6 of [3] are wrong. In this paper we correct these mistakes. Also using the 

concept of semi-prime ideals introduced by Rav [7] we characterize distributivity of a lattice (see Theorem 

3.1). This generalizes Theorem 2.4 in [3]. 

 

MAXIMAL IDEALS RELATIVE TO A  - SUB-SEMILATTICE 

       Throughout 𝐿 denotes a lattice. By a  - sub-semilattice 𝑆 of 𝐿, we mean a non-empty subset 𝑆 of 𝐿 such 

that 𝑎, 𝑏 ∈ 𝑆 ⟹ 𝑎 ∧ 𝑏 ∈ 𝑆.  

       A proper ideal 𝑀 of 𝐿 is said to be a maximal ideal relative to a  - sub-semilattice 𝑆 of 𝐿 if 𝑀 is maximal 

among all the ideals of 𝐿 disjoint to 𝑆 i.e. for an ideal 𝐼 in 𝐿, 𝐼 ∩ 𝑆 = ∅ and 

𝑀 ⊆ 𝐼 imply 𝐼 = 𝑀. 

       Maximal ideals relative to a filter defined in [3] and maximal ideals relative to a sublattice of lattice 𝐿 

defined in [4] are  relative maximal ideals in our sense  but not conversely. Many results of [3] and [4] follow 

immediately from our corresponding theorems. Recall that by a semi-ideal 𝐴 in 𝐿 is a non-empty subset 𝐴 

satisfying 𝑏 ≤ 𝑎, 𝑎 ∈ 𝐴  𝑎, 𝑏 ∈ 𝐿 ⟹ 𝑏 ∈ 𝐴. A semi-ideal 𝑃 is called a prime semi-ideal if 𝑎 ∧ 𝑏 ∈ 𝑃 ⟹ 𝑎 ∈

𝑃 or 𝑏 ∈ 𝑃. A subset of a lattice 𝐿 with 0 is a prime semi-ideal if and only if 𝐿\𝑃 is a dual ideal (see [6]). Hence 

every prime semi ideal (ideal) 𝑃 of 𝐿 (with 0) is a maximal ideal relative to the  - sub-semilattice 𝐿\𝑃.    

       First we prove the existence of a maximal ideal relative to a  - sub-semilattice 𝑆 of 𝐿. 

Theorem 2.1: Let 𝐼 be an ideal and 𝑆 be a  - sub-semilattice of 𝐿 such that 𝐼 ∩ 𝑆 = ∅. Then there exists a 

maximal ideal 𝑀 relative to a  - sub-semilattice 𝑆 of 𝐿 containing 𝐼. 

Proof: Let 𝔎 =  𝐽 ∶ 𝐽 is an ideal of 𝐿, 𝐽 ∩ 𝑆 = ∅, 𝐽 ⊇ 𝐼  . By the  assumption, we see that 

𝐼 ∈ 𝔎 ≠ ∅ and 𝔎 forms a poset under set inclusion. Let 𝒞 be a chain of 𝔎. Let 𝐴 =  𝐽𝐽∈𝒞  then obviously 𝐴 is an 

ideal and 𝐴 ∈ 𝔎. Hence by Zorn’s lemma there exists a maximal element 

𝑀 ∈ 𝔎. This 𝑀 is indeed a maximal ideal relative to a  - sub-semilattice 𝑆.  

       The following theorem gives a characterization of maximal ideals relative to to a  - sub-semilattice 𝑆 of 𝐿. 

Theorem2.2:- Let 𝐼 be an ideal and  𝑆 be to a  - sub-semilattice 𝑆 of 𝐿 such that 𝐼 ∩ 𝑆 = ∅. Then 𝐼 is maximal 

relative to a  - sub-semilattice 𝑆 if and only if every 𝑥 ∉ 𝐼 there exist 𝑚 ∈ 𝐼 and 𝑠 ∈ 𝑆 such that 𝑠 ≤ 𝑥 ∨ 𝑚.  

Proof: Only if part: Let 𝐼 be maximal ideal relative to a  - sub-semilattice 𝑆 and 𝑥 ∉ 𝑀. 

𝐼 being maximal relative to 𝑆,  𝐼 ∨  𝑥  ∩ 𝑆 ≠ ∅. Hence there exists 𝑠 ∈ 𝑆 such that 

𝑠 ∈ 𝑀 ∨  𝑥 . Hence 𝑠 ≤ 𝑚 ∨ 𝑥 for  some 𝑚 ∈ 𝐼. 

If part: Let 𝐼 be an ideal of 𝐿 such that 𝐼 ∩ 𝑆 = ∅. By Theorem 2.1, there exists a maximal  ideal 𝑀 relative to a 

 - sub-semilattice 𝑆 such that 𝑀 ⊇ 𝐼. We show that 𝑀 = 𝐼. Suppose 𝑀 ≠ 𝐼. Then there exists 𝑥 ∈ 𝑀 such 

that 𝑥 ∉ 𝐼. By the assumption, there exist 𝑚 ∈ 𝐼 and 𝑠 ∈ 𝑆 such that 𝑠 ≤ 𝑥 ∨ 𝑚. But then 𝑠 ∈ 𝑆 ∩ 𝑀 = ∅; which 

is absurd. Hence 𝐼 = 𝑀.       

 

       An important property of a maximal ideal relative to a  - sub-semilattice 𝑆 in a distributive lattice 𝐿 is 

proved in the following theorem. 
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Theorem 2.3: In a distributive lattice 𝐿 every maximal ideal relative to  - sub-semilattice 𝑆 of 𝐿 is prime. 

Proof: Let 𝑀 be a relative maximal ideal relative to a  - sub-semilattice 𝑆 in a distributive lattice 𝐿. To 

prove 𝑀 is a prime ideal. Let 𝑀 be not a prime ideal. Hence there exist 𝑥, 𝑦 ∈ 𝐿 such that 𝑥 ∧ 𝑦 ∈ 𝑀 with 𝑥 ∉ 𝑀 

and 𝑦 ∉ 𝑀. But then by Theorem 2.2 there exist 𝑠1,𝑠2 ∈ 𝑆 such that 𝑠1 ≤ 𝑚1 ∨ 𝑥  and 𝑠2 ≤ 𝑚2 ∨ 𝑦 for 

some 𝑚1 ,𝑚2 ∈ 𝑀.Thus 𝑠1 ∧ 𝑠2 ≤  𝑚1 ∨ 𝑚2 ∨ 𝑥 and 

𝑠1 ∧ 𝑠2 ≤  𝑚1 ∨ 𝑚2 ∨ 𝑦. Hence by distributivity of 𝐿, 𝑠1 ∧ 𝑠2  ≤  𝑚1 ∨ 𝑚2 ∨  𝑥 ∧ 𝑦 . As 𝑚1 ∨ 𝑚2 ∈ 𝑀 

and  𝑥 ∧ 𝑦 ∈ 𝑀, we get 𝑠1 ∧ 𝑠2 ∈ 𝑀. But then 𝑠1 ∧ 𝑠2 ∈ 𝑀 ∩ 𝑆 = ∅; which is  absurd. This proves that 𝑀 is 

prime.               

       A maximal ideal relative to the  - sub-semilattice 𝑆 =  1  is a maximal ideal of 𝐿. Hence we have 

Corollary 2.4: In a distributive lattice 𝐿  with 1, every maximal ideal is prime. 

 

       As every prime ideal of a relatively complemented lattice is maximal we have 

Corollary 2.5: Every maximal ideal relative to any  - sub - semilattice in a relatively complemented distributive 

lattice is maximal.  

 

       According to Rav [7], an ideal 𝐼 of 𝐿 is called a semiprime ideal if for any three elements 𝑎, 𝑏, 𝑐 of 𝐿, the 

relations 𝑎 ∧ 𝑏 ∈ 𝐼, 𝑎 ∧ 𝑐 ∈ 𝐼 imply 𝑎 ∧  𝑏 ∨ 𝑐 ∈ 𝐼. Obviously, every prime ideal in L is a semi prime ideal but 

not conversely. For this consider  the following example . 

Example:- Consider the lattice 𝐿 represented   

by the  Hasse – diagram as in Figure 1. The ideal 

𝐼 =  0, 𝑏  is semi-prime ideal but it is not a prime  

ideal (since  𝑐 ∧ 𝑑 ∈ 𝐼 but 𝑐 ∉ 𝐼 and 𝑑 ∉ 𝐼). 

                                                                                                                                                                         

 

 

 

Though semi-prime ideal  need not be  a prime ideal we have 

Theorem 2.6: If a maximal ideal relative to a  - sub-semilattice 𝑆 of 𝐿 is a 

semi-prime ideal, then it is a prime ideal. 

Proof: Let 𝑀 be a maximal ideal with respect to a  - sub-semilattice 𝑆 of 𝐿, which is also a semi-prime ideal. 

To prove 𝑀 is a prime ideal. Assume the contrary. Hence there exist 𝑥, 𝑦 ∈ 𝐿  such that 𝑥 ∧ 𝑦 ∈ 𝑀 but 𝑥 ∉ 𝑀 

and 𝑦 ∉ 𝑀. But then by Theorem 2.2, there exist 𝑠1 , 𝑠2 ∈ 𝑆 such that 𝑠1 ≤ 𝑚1 ∨ 𝑥  and  𝑠2 ≤ 𝑚2 ∨ 𝑦 for 

some 𝑚1 ,𝑚2 ∈ 𝑀. Define 𝑎 = 𝑠1 ∧ 𝑠2 . Then 𝑎 ∈ 𝑆 and 𝑎 ≤  𝑚1 ∨ 𝑥 ∧  𝑚2 ∨ 𝑦 . Again since 𝑀 is a semi-prime 

ideal 𝑥 ∧ 𝑚2 ∈ 𝑀 and 𝑥 ∧ 𝑦 ∈ 𝑀 will imply 𝑥 ∧  𝑚2 ∨ 𝑦 ∈ 𝑀 and 𝑚1 ∧  𝑚2 ∨ 𝑦 ∈ 𝑀 and  𝑥 ∧  𝑚2 ∨ 𝑦 ∈ 𝑀 

will imply  𝑚1 ∨ 𝑥 ∧  𝑚2 ∨ 𝑦 ∈ 𝑀. But then we get  𝑎 ∈ 𝑀 ∩ 𝑆 = ∅; a contradiction. Hence  𝑀 must be a 

prime ideal in 𝐿.  
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           The following result is crucial for the converse of Theorem 2.4 

Theorem 2.7: If every maximal ideal 𝑟𝑒𝑙𝑎𝑡𝑖𝑣𝑒 𝑡𝑜  𝑥  (𝑥 ∈ 𝐿 , 𝑥 ≠ 0) is a semi-prime ideal, then 𝐿 is  a 

distributive lattice.  

Proof :- Assume if possible there exist 𝑎, 𝑏, 𝑐 ∈ 𝐿 such that 𝑎 ∧  𝑏 ∨ 𝑐 ≠  𝑎 ∧ 𝑏 ∨  𝑎 ∧ 𝑐 . Put 𝑥 = 𝑎 ∧  𝑏 ∨ 𝑐  

and 𝑦 =  𝑎 ∧ 𝑏 ∨  𝑎 ∧ 𝑐 . Then  𝑥 ≰ 𝑦  (since  𝑦 ≤ 𝑥 always).  

As  𝑦 ∩  𝑥 = ∅, there exists a maximal ideal relative to  𝑥  containing 𝑦 (see Theorem 2.1) say 𝑀. 

As 𝑎 ∧ 𝑏 ∈ 𝑀 and  𝑎 ∧ 𝑐 ∈ 𝑀 we get  𝑥 = 𝑎 ∧  𝑏 ∨ 𝑐 ∈ 𝑀; 𝑀  being a semi-prime ideal. This  being  absurd , 𝐿 is  

distributive. 

 

         A feature of maximal ideal relative to a  - sub-semilattice 𝑆 of 𝐿 is given as follows. 

Theorem 2.8: Maximal ideals relative to a  - sub-semilattice 𝑆 of 𝐿 are all irreducible ideals.  

Proof: Let 𝑀 be a relatively maximal ideal with respect to 𝑆. Let 𝑀 = 𝐼 ∩ 𝐽, for some ideals 𝐼 and 𝐽 in 𝐿. 

Obviously 𝐼 ⊇ 𝑀 and 𝐽 ⊇ 𝑀. Let if possible 𝐼 ⊃ 𝑀 and 𝐽 ⊃ 𝑀. Select 𝑎 ∈ 𝐼\𝑀 and 𝑏 ∈ 𝐽\𝑀. But then by 

Theorem 2.2 there exist 𝑠, 𝑡 ∈ 𝑆 such that 𝑠 ≤ 𝑎 ∨ 𝑚1 and 𝑡 ≤ 𝑏 ∨ 𝑚2  for some 𝑚1 , 𝑚2 ∈ 𝑀. Then 𝑠 ∧ 𝑡 ≤ 𝑎 ∨

𝑚1 ∨ 𝑚2 and 𝑠 ∧ 𝑡 ≤ 𝑏 ∨ 𝑚1 ∨ 𝑚2 .  

𝑎 ,𝑚1 ,𝑚2 ∈ 𝐼 ⟹ 𝑎 ∨𝑚1 ∨ 𝑚2 ∈ 𝐼 ⟹  𝑠 ∧ 𝑡 ∈ 𝐼. And 𝑏 ,𝑚1 ,𝑚2 ∈ 𝐽 ⟹ 𝑏 ∨𝑚1 ∨ 𝑚2 ∈ 𝐽 ⟹  𝑠 ∧ 𝑡 ∈ 𝐽. 

Thus 𝑠 ∧ 𝑡 ∈ 𝐼 ∩ 𝐽 = 𝑀. But then 𝑠 ∧ 𝑡 ∈ 𝑆 ∩ 𝑀 = ∅ ; which is absurd.  

Hence 𝐼 ⊃ 𝑀 and 𝐽 ⊃ 𝑀 is not possible. Hence either 𝐼 = 𝑀 or 𝐽 = 𝑀. This in turns shows that 𝑀 is 

irreducible.  

 

Corollary 2.9: Let 𝐿 be a lattice. Let 𝐼 be an ideal and 𝑆 be a  - sub-semilattice of 𝐿. 

 If 𝐼 ∩ 𝑆 = ∅ then there exists an irreducible ideal 𝑀 of 𝐿 containing 𝐼 and disjoint with 𝑆. 

 

       As irreducible ideals in distributive lattices are prime, we get 

Corollary 2.10: In a distributive lattice 𝐿, maximal ideals relative to a  - sub-semilattice 𝑆 of 𝐿 are prime 

ideals. 

Remark: As a generalization of Theorem 2 in  [4], we get 

Result: Let 𝐿 be a lattice with 1. If every maximal ideal relative to a  - sub-semilattice is principal, then 𝐿 satisfy 

Ascending chain condition (ACC) and hence every ideal of 𝐿 is principal (Proof being similar to Theorem 2 in [4] 

we omit it).  

       By Theorem 2.3 and the fact that every prime ideal 𝑃 of 𝐿 (with 0) is a maximal ideal relative to the  - 

sub-semilattice 𝐿\𝑃. It follows that in a bounded distributive lattice 𝐿 if every prime ideal of 𝐿 is principal, 

then 𝐿 satisfies ACC and hence  every ideal of 𝐿 is a principal ideal. This gives an alternative proof of Theorem 

1 of [1]. 
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CHARACTERIZATIONS 

Concerning the converse of the theorem 2.3, we have  

Theorem 3.1: Following statements are equivalent:  

(1) If 𝐿 is  a distributive lattice.  

(2) Every maximal ideal relative  to a  - sub-semilattice 𝑆 of 𝐿 is a semi-prime ideal.  

(3) Every maximal ideal relative to  𝑥  (𝑥 ∈ 𝐿 , 𝑥 ≠ 0) is a semi-prime ideal. 

(4) Every maximal ideal relative  to a  - sub-semilattice 𝑆 of 𝐿 is a prime ideal. 

(5) Every maximal ideal relative to  𝑥  (𝑥 ∈ 𝐿 , 𝑥 ≠ 0) is a prime ideal.                     

(6) If a −< b ,then there exists  a unique  prime deal 𝑃 in 𝐿 containing 𝑎 but not 𝑏.  

Proof: By Theorem 2.7 and the fact that every prime ideal in 𝐿 is semi-prime we get  2 ⟺  4   and  

 3 ⟺  5  .  

 1 ⟹  2 : The implication follows by Theorem 2.3. 

 2 ⟹  3 : Obviously  true.  

 3 ⟹  1 : The implication follows by Theorem 2.6. 

 5 ⟹  6 : Let 𝑎−< 𝑏 ⟹  𝑏 ∩  𝑎 = ∅ . By Theorem 2.1, there exists a maximal ideal say 𝑀 containing  𝑎  

and not containing 𝑏. By (5), 𝑀 is prime. Let if possible there exists a prime ideal 𝑄 containing 𝑎 but not 𝑏. For 

any 𝑞 ∈ 𝑄,  𝑞 ∨ 𝑎 ∧ 𝑏 ≤ 𝑞 ∨ 𝑎 ∈ 𝑄 imply  𝑞 ∨ 𝑎 ∧ 𝑏 ∈ 𝑄. As 𝑎 ≤  𝑞 ∨ 𝑎 ∧ 𝑏 ≤ 𝑏 for any 𝑞 ∈ 𝑄 and 𝑎−< 𝑏 we 

get,  𝑞 ∨ 𝑎 ∧ 𝑏 = 𝑎 or  𝑞 ∨ 𝑎 ∧ 𝑏 = 𝑏.  

If  𝑞 ∨ 𝑎 ∧ 𝑏 = 𝑏, then 𝑏 =  𝑞 ∨ 𝑎 ∧ 𝑏 ≤ 𝑞 ∨ 𝑎 ∈ 𝑄 ⟹ 𝑏 ∈ 𝑄 ; a contradiction. Hence  𝑞 ∨ 𝑎 ∧ 𝑏 = 𝑎 ∈ 𝑀 ⟹

𝑞 ∨ 𝑎 ∈ 𝑀 as 𝑏 ∉ 𝑀 ⟹ 𝑞 ∈ 𝑀. Thus 𝑄 ⊆ 𝑀. Similarly we can prove 𝑀 ⊆ 𝑄. Hence 𝑀 = 𝑄. 

 6 ⟹  1 : Let 𝐿 be a non-distributive lattice. Then there exists a sublattice of 𝐿 isomorphic to 𝑁5  (Figure 2) 

or 𝑀5  (Figure 3). 

Case I: 𝐿 contains a sublattice isomorphic to 𝑁5  as shown in Figure 2. 

                                                      𝑎 −< 𝑏 ⟹ there exists a prime ideal 𝑃 such that  

                                                      𝑎 ∈ 𝑃 and 𝑏 ∉ 𝑃. 𝑢 ≤ 𝑎 ⟹ 𝑢 ∈ 𝑃.  

                                                      𝑏 ∧ 𝑐 = 𝑢 ∈ 𝑃 but 𝑏 ∉ 𝑃 and  𝑐 ∉ 𝑃. Hence 𝑃 is  

                                                      not a prime ideal; a contradiction. 

 

Case II: 𝐿 contains a sublattice isomorphic to 𝑀5  as shown in Figure 3. 

                                                      𝑢 −< 𝑎 ⟹ there 

exists a prime ideal 𝑃 such that  

                                                      𝑢 ∈ 𝑃 and 𝑎 ∉ 𝑃.  

                                                      𝑏 ∧ 𝑐 = 𝑢 ∈ 𝑃 but 𝑏 ∉ 𝑃 and  𝑐 ∉ 𝑃. Hence 𝑃 is  

                                                       not a prime ideal; a contradiction. 

 

 

c 

v 

b 

a 

u 

Fig. 2 

u 

v 

c b a 

Fig.3 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 138 
 

Thus in each case we get a contradiction. Hence 𝐿 must be distributive (Note that uniqueness of the 

prime ideal is not used while proving this implication). 

Hence all the conditions are equivalent.  

         An element 𝑐 of a lattice 𝐿 is said to be compact if 𝑐 ≤  𝑆 implies 𝑐 ≤  𝑆 ′  for a finite subset 𝑆 ′  of 𝑆 and a 

lattice 𝐿 is said to be compactly generated if 𝐿 is complete and every element of 𝐿 is a join of compact 

elements. If a distributive lattice is compactly generated, then we have  

Corollary 3.2: In a compactly generated distributive lattice 𝐿 if 𝑎 −<  𝑏, then there exists  a unique  prime 

principal ideal 𝑃 in 𝐿 containing 𝑎 but not 𝑏. 

Proof: By Theorem 3.1, as a −< b, there exists a unique prime ideal 𝑃 in 𝐿 containing 𝑎 but not 𝑏. To prove 

that 𝑃 is principal. As 𝐿 is compactly generated and 𝑎 −<  𝑏 there exists a compact element 𝑐 such that 𝑐 ∉  𝑎  

and 𝑐 ≤ 𝑏. Hence by Theorem 2.1 there exists a maximal ideal 𝑀 relative to  𝑐  containing  𝑎 .  

Let 𝑡 =∨  𝑚 ∶ 𝑚 ∈ 𝑀 . If 𝑐 ≤ 𝑡 =∨  𝑚 ∶ 𝑚 ∈ 𝑀 , then 𝑐 ≤    𝑚𝑖 ∶ 𝑖 = 1,2,… ,𝑛, 𝑛 is finite . But then 𝑐 ∈ 𝑀; 

which contradicts the choice of 𝑀. Hence 𝑐 ≰ 𝑡. Hence  𝑎 ⊆ 𝑀 ⊆  𝑡 . As 𝑐 ∉  𝑡 , by maximality of 𝑀 we 

get 𝑀 =  𝑡  . This completes the proof.  

 

Remark 3.3: The statement of corollary 2.5 in [3] is as follows: 

       If maximal ideals in a lattice 𝐿 are all semi prime ideals, then 𝐿 is a distributive lattice.  

But this is not true as in a non-distributive lattice 𝑁5 every maximal ideal is prime (hence semi-prime). 

 

Remark 3.4:- The statement of Theorem 2.6 in [3] is as follows: 

           Let L be a lattice. Then following statements are equivalent:  

(1)  𝐿 is a distributive lattice. 

(2)  Maximal ideals relative to a filter of 𝐿 are all prime ideals.  

(3)  Maximal ideals relative to a filter of 𝐿 are all semi -prime ideals. 

(4)  Maximal ideals of 𝐿 are all semi- prime ideals.  

(5)  Maximal ideals of 𝐿 are all prime ideals. 

 

The statements given in (4) and (5) are not the characterizing properties of distributivity in 𝐿. It is to be noted 

that in Theorem 2.6 in [3] only  1 ⟺  2 ⟺  3  holds. 

 

          A lattice 𝐿 with 1 is said to be 1 – distributive if 𝑎 ∨ 𝑏 = 1 and 𝑎 ∨ 𝑐 = 1 imply  

𝑎 ∨  𝑏 ∧ 𝑐 = 1 for 𝑎, 𝑏, 𝑐 ∈ 𝐿. A lattice 𝐿 is 1 – distributive if and only if every maximal ideal in 𝐿 is prime (see 

[5]). Hence the correct versions of Corollary 2.5 and Theorem 2.6 in [3] are as follows. 

Result 1 ( Corollary 2.5 in [3]): If maximal ideals in a lattice 𝐿 (with 1) are semi-prime, then 𝐿 is a 1 – 

distributive lattice. 
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 Maximal ideals in 𝐿 being  maximal ideals relative to  1  in 𝐿, we get 

Result 2 (Theorem 2.6 in [3]): Following statements are equivalent in 𝐿.   

(1)  𝐿 is a 1 – distributive lattice. 

(2)  Maximal ideals in 𝐿 are all semi-prime. 

(3)  Maximal ideals in 𝐿 are prime. 

 In a relatively complemented lattice every prime ideal is maximal. Hence if every relatively maximal 

ideal in a relatively complemented lattice is semi-prime, then it is maximal by Theorem 2.6. Hence, we get the 

following result 

 

Corollary 3.7: Let 𝐿 be a relatively complemented lattice. If any relatively maximal ideal in 𝐿 is a semi-prime 

ideal, then 𝐿 is 1 – distributive. 
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ABSTRACT 

The space time comprising of anisotropic relativistic charged perfect fluid with infinite electric 

conductivity and variable magnetic permeability (anisotropic ferrofluid) is analyzed in context of geometrical 

symmetry known as conformal motion. It is proved that the magnitude of the magnetic fields in ferrofluid 

space–time is conserved along  the  expansion–free  flow  lines if and if only if the magnetic permeability is 

constant along the flow. Moreover for isotropic pressure, the conservation of matter density and the magnetic 

permeability follow simultaneously along the expansion – free flow lines. Also the necessary and sufficient 

conditions for the magnetic lines to be divergence free are obtained. Further for the anisotropic ferrofluid 

system admitting a group of conformal motion, the necessary and sufficient conditions for special conformal 

motion are derived.  

KEYWORDS: Relativistic anisotropic ferrofluid, conformal motion, Maxwell equations. 

 

INTRODUCTION 

The specific geometric symmetries like motions and collineations are generally introduced to 

examine the intricate structure of conservation laws in general relativity. The impact of such symmetries in 

exploiting the internal structure of fluid space times is revealed through the works of Davis and Katzin [1], 

Katzin, Levine and Davis [2], Katzin, Levine and Davis [3], Collisnson [4], Grenberg [5], Asgekar and Date [6], 

Asgekar et al. [7]. 
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The infinitesimal transformation  leading to groups of conformal motion are described through 

conditions 

                                                   £ gab  = 2gab.                                                                          (1.1) 

where  £ is Lie derivative w. r. t.   and  is an arbitrary function of coordinates. These conditions 

(1.1) are said to represent 

                                     (a) Homothetic motion if  = constant, 

                                     (b) Motion if   = 0, 

                                     (c) Special conformal killing vector if ; ab  =  0, ,  = 0. 

 The interrelationship between collinsion and motions are studied by Katzin et. al. [2], Maartens and 

Maharaj [8] and Duggal [9]. 

This work is devoted to the study of geometrodynamical structure of anisotropic ferrofluid space – 

time admitting conformal motions. 

The section II deals with the tensorial description of ferrofluid along with the related field equations. 

The consequences of Bianchi identities are also examined. The interactions of conformal motions with 

ferrofluid space – time are considered in Section III. Moreover th Non-geodesic deviation equations are 

special features of this section. 

 

 

GEOMETRODYNAMICAL PRELIMINARIES 

The geometrodynamical structure of a 4-dimensional spacetime manifold is described through the 

Einstein field equations which are  

                                       Rab 
2

1
  R gab  =    Tab                                                                    (2.1) 

Here Rab , R, gab and Tab are Ricci tensor, scalar curvature, metric tensor of general relativity and the 

matter tensor, respectively. 

Anisotropic Ferrofluid system :  

            The stress energy tensor represented the distribution of a self gravitating thermodynamical ferrofluid 

by Cissako [10]as  

                     Tab = ( + p + h2)uaub – (p + 
2

1
h2)gab – h2HaHb                                              (2.2) 

where  is the matter energy density, p is the isotropic pressure of the fluid, is the variable magnetic 

permeability, ua is the 4 – velocity of the fluid and Ha  is the unit space like magnetic field vector satisfying the 

relations  

                            uaua  = 1, uaHa = 0, HaHa  =  –1                                                                               (2.3) 

              and (Ha = 
h

ha ), haha  = h2       ha  = hHa. 
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 h2 is the magnitude of the magnetic field vector Ha. 

Further for  the fluid without  energy flux and without a preferred direction of anisotropy, the energy – 

momentum tensor expression is due to Mason and Maartens [11]. 

                                 Tab = ( + P )uaub –  Pgab   + ab ,                                                                       (2.4) 

where ab is the anisotropic pressure tensor such that  

                             a
b    =   0   =  abub                                                                                         (2.5)       

The stress energy tensor characterizing the relativistic anisotropic perfect fluid is given by Herrera et. al 

[12]in the form 

                                 Tab = ( + PT )uaub –  PT gab   + (PR – PT)XaXb.                                       (2.6) 

By inserting the values  P = 
3

1
(PR + 2PT),                                                                            (2.7) 

 and         ab = (PR – PT)( 
3

1
gab – 

3

1
uaub  + XaXb),                                                                   (2.8) 

 in the equation (2.4) 

 Here Xa is unit space like vector orthogonal to ua, PR is the radial pressure in the direction     of Xa, PT is the 

tangential pressure in the direction perpendicular to ua and Xa both. On similar lines by readjustment of the 

terms in the expression (2,2) we get 

               Tab = ( + PT + 2m)uaub –  (PT + m)gab
   + (PR – PT  – 2m)HaHb

.                                (2.9) 

It follows from the expression (2.6) and (2.9) that the stress – energy tensor given by the expression (2.9) 

represents the relativistic anisotropic ferrofluid system with               

                                                              h2  = 2m                                                                               (2.10) 

 and PR is the radial pressure in the direction of Ha, PT is the tangential pressure in the direction perpendicular 

to both ua and Ha.  

The gradient of flow vector ua can be decomposed (Greenberg)[5] in terms of parameter , the acceleration 

vector u
a , the shear tensor ab and rotation tensor ab as 

                           ua ; b  =  u
aub  +  ab   +  ab   + 

3

1
hab ,                                                (2.11)                               

 where (;) represents covariant derivative.  

Maxwell equations :  

              The  magnetic field present in the ferrofluid system is subject to satisfy Maxwell equations (Ray and 

Banergy)[13]. 

                            [h (uaHb – ubHa)]; b  =  0.                                                                     (2.12)     

From the equations (2.3),  we have  

                                 ua
 ; b ua  =  0,                                                                                          (2.13) 

                                Ha
 ; b ua  =   – ua ; bHa ,                                                                           (2.14) 

                               Ha
 ; b Ha  =   0.                                                                                         (2.15)   
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The equations (2.11) leads to the following consequences  

                 h;bHb  + h; bHb  + hHb
; b  + h u

aHa  =  0,                                                      (2.16) 

               habHaHb  + 
3

2
h  + h + h   =   0.                                                         (2.17)                               ua ; 

bHaHb =  – -1 ; bub  – h-1h;bub  – , 

                ua ; bHaHb =  – -1
  – h-1h  – .                                                                        (2.18) 

Equations (2.16) and (2.17) exhibit the connection between kinematical parameters and the magnetic field 

present in ferrofluid spacetime. 

Local Conservation Laws :  

            The well known Bianchi identities with Einstein’s field equations (2.1) give rise to local energy balance 

equations formulated as the vanishing of the divergence of the stress energy tensor, 

                                         Tab
; b   =  0.                                                                                        (2.19) 

The equation (2.19)with (2.9) provide the equation of continuity and stream line equations 

 in the form 

                      ( + PR) + [ ; b + (-1 ; b + h-1h ; b) – 
2

1
h2  ; b]ub  =  0.                    (2.20) 

  ( + PT + 2m)u a – (PT + m) ; b hab + (  –  2m) ; bHaHb + (  –  2m) ; b(HaHb); b –  

– 
2

1

 h2 ua   =  0.                                                                                                      (2.21) 

 where    = PR – PT. 

 From the equation of continuity (2.20) the following trivial results are claimed. 

 Claim (i) :  If  = constant along expansion free flow lines, then  

                                            ; bub  =  0    h ; b ub  =  0.                                                    (2.22)    

This means that the magnitude of the magnetic field is conserved along the expansion free flow lines if and 

only if the magnetic permeability is constant along the flow. 

Claim (ii) :  For isotropic case  = 0, 

                                            ; bub   = 0        = 0  and    ; bub   =  0.                                           (2.23)    

This directs that for isotropic pressure, the conservation of matter density and the magnetic permeability 

follow simultaneously along the expansion free flow lines. 

           On transvecing equation (2.21) with Ha gives 

         ( + PR)Hb
; b  +  [(PR  – m) ; b + ( + PT + 2m)(-1 ; b + h-1h ; b)]Hb  = 0.                      (2.24) 

                                                                                                (vide (2.3), (2.13), (2.16)) 

From the above equation (2.24), it is observed that if PR = m then  

                             Hb
 ; b   =  0       ( ; b  +  h ; b)Hb  = 0.                                                                 (2.25) 

By using (2.16), the equation (2.24) is written as 

            ( + PR) u 
aHa – [(PR – m); b – ( – 2m)(-1 ; b + h-1h ; b)]Hb  = 0.                (2.26) 
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On utilizing the equation (2.26) it is claimed that If  = 2m then 

                                 u 
aHa  =  0    PR ; bHb  = m ; bHb.                                                     (2.27) 

Thus we get           u 
aHa  =  0     ( m – PR ); a Ha  = 0. 

 This means that m – PR is invariant along magnetic lines if and only if magnetic lines are normal to 

acceleration. 

Thus the necessary and sufficient conditions for the magnetic lines to be (i)divergence free,(vide 2.24) (ii) 

orthogonal to acceleration vector. (vide 2.26) are obtained. 

 

CONFORMAL MOTIONS 

            A space – time admits a Conf M generated by a Conformal Killing Vector(CKV)   if,  

                                                         £ gab  = 2gab.                                                                (3.1)                                                         

By using          ds2  = gab dxadxb.                                                                                               (3.2) 

and following the result                                         £ dxa
  = 0.                                                        (3.3) 

Obtained by Yano [14], we write                            £ ua   =  - ua                               (3.4)                       

 Consequently ,                                                           £ ua   =  ua                                         (3.5)                       

By making use of this process one can also write for unit space like magnetic field vector H  

                           £ Ha   =  Ha                                                                (3.6)                       

The value of the derivative of the Ricci tensor along with the vector field    is written in the form (Herrera 

et.al) [12] 

                     £Rab  =  
2

1
gcd[(£gcd) ; ab – (£gbd) ; ca –  (£gad) ; cb + (£gab) ; cd]     (3.7) 

By using the conditions (3.1) it leads to 

                     £Rab  =  gcd[(gcd) ; ab  – (gbd) ; ca  –  (gad) ; cb + (gab) ; cd]           (3.8) 

which on simplification gives 

                                           £Rab  = 2; ab  +  gab                                                                            (3.9) 

 where                             =  gcd; cd                                                                                      (3.10) 

 In similar way one can write 

                                      £ R  =   6  – 2R                                                              (3.11) 

Thus from the equation (3.13) and (3.15) one obtain 

                                         £  (Rab   – 

2

1
Rgab)  =  2 [; ab   –   gab ].                                  (3.12) 

Theorem : For the  anisotropic ferrofluid system admitting a group of conformal motion along an arbitrary 

vector field  , then the following results are equivalent 

                            (A) ; ab   =  0 
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                            (B)  i]   £ (  + m)  + 2 ( + m) = 0 

                                   ii]   £ ( PR  - m)  + 2 ( PR  - m)   = 0 

                                   iii]   £ ( PT  + m)  + 2 (PT  + m) = 0 

Proof :  The Einstein’s field equations (2.1) with the use of expressions (3.1), (3.5), (3.6),(3.12) and with (2.9) 

generates the result 

2 [; ab   -   gab ]   =     {(uaub)[ £ ( + PT + 2m)   +  2( + PT + 2m)] –  

                                            –  gab[£ (PT + m)  +  2 (PT + m )] +  

                                             + (HaHb) [£ (  –  2m)  +  2 ( – 2m)]                       (3.13) 

To prove (A)    (B)  

By (A) ,      ; ab   =  0                                                                                                              (3.14) 

              ; ab gab          =  0                                                                                        (3.15) 

Hence L.H.S,. of (3.13) is zero, which gives  

    {(uaub)[ £ ( + PT + 2m)   +  2( + PT + 2m)] –  gab[£ (PT + m)  +  2 (PT + m )] +  

   + (HaHb) [£ ( –  2m)  +  2 ( – 2m)]   =  0                                                            (3.16) 

Suppose Wa is a unit space like vector such that  WaWa =  – 1 , ua
Wa   =  0   =  HaWa   (3.17) 

Transvecting  (3.16) with uaub, HaHb, gab, WaWb yields 

                                              £ (  + m)  + 2 ( + m) = 0                                                   (3.18) 

                                              £ ( PR  - m)  + 2 ( PR  - m)  = 0                                            (3.19)      

                                               £ ( – 2PT  – PR)  + 2 ( – 2PT  – PR) = 0                          (3.20) 

                                                £ ( PT  + m)  + 2 (PT  + m) = 0                                          (3.21) 

 The rearrangement of the terms in the equation (3.20) and making the use of equations (3.18), (3.19) and 

(3.21) gives results in (B). 

To prove (B)    (A)  

If the condition (B) is used in the right hand side of the equation (3.20) then one gets  

                                                 2 [; ab   -   gab ]   =   0.                                                    (3.22) 

                                           ; ab   =  0 

 Hence the proof of the theorem is complete. 

Remark 1 :  This theorem provides the necessary and sufficient dynamic condition for  

 ; ab   =  0. 

Remark 2 :  The CKV condition (3.1) with (A) describes special conformal motion 

(Katzin et.al)[4]. 

Remark 3 :  For the special choice of conformal vector  along time like unit flow and space like magnetic 

unit vector, the value of  become zero. In other words the conformal killing vector along u and along H turn 

to be killing vectors. In this case the theorem directs that  , PR, PT, m be invariant. 
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CONCLUSION 

For the space – time of anisotropic ferrofluid admitting a group of conformal motions, the necessary 

and sufficient conditions for special conformal motion are derived.   

 

REFERENCES 

1. Davis, W. R. and Katzin, G. H. (1962), Amer J. Phys. 30, P.750. 

2. Katzin, G. H., Levine, J. and Davis, W. R. (1969), J. Maths. Phys. 10, P.617. 

3. Katzin, G. H., Levine, J. and Davis, W. R. (1970), J. Maths. Phys. 11, P.1578.  

4. Collinson,C. D. (1970), J. Math. Phys. 11, P.819. 

5. Greenberg, P. J. (1970), J. Math. Anal. Appl.30, P.128. 

6. Asgekar, G. G. and Date, T. H. (1977), J. Math. Phys. 18, P.738. 

7. Asgekar, G. G., Duggal K. L. and Aherkar, S. M. (1995),  J. Math. Phys. 36(6), P. 2929. 

8. Maartens, R. and Maharaj (1986), Class. Quantum Grav. 3, P. 1005. . 

9. Dugal, K. L. (1992), J. Math. Phys. 33(9), P. 2989. 

10. Cissoko, M. E. (1978), C. R. Hebd. Sean. Acad. Sci. Paris, Vol. 287A, P. 479-81. 

11. Mason, D. P. and Maartens, R. (1987), J. Math. Phys. 28(9), P. 2182. 

12. Herrera, L. , Jimenez, J., Lea, L., Ponce De Leon J., Esculpi, M. and Galina, V. (1984), J. Math. Phys. 

25(11), P. 3274. 

13. Ray, M. K. and Banarji, S. (1982), Proc. Of 9th Annual Conf. of Indian Association for  

         GRG, P.  

14. Yano, K. (1957), The Theory of Lie Derivative and its applications, North – Holland Amsterdam. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 147 
 

CHAPTER 

24 
 

EMERGING TRENDS 

IN BASIC AND 

APPLIED SCIENCES 

 

ISBN:   

978-93-5212-826-6 

 

 

UMP – TEST FOR MODERATE DISTRIBUTION USING MONOTONE 

LIKELIHOOD RATIO 

Mayur V. Savasani1 and Jinal N. Shah2 

1Department of Statistics, Saurashtra University, Rajkot, Gujrat, India 

2Department of Statistics, Saurashtra University, Rajkot, Gujrat, India 

Author E-mail: 1maddysavsani@gmail.com, jinalnshah2@gmail.com2 

 

 

ABSTRACT 

 In this paper, we have derived the estimate of monotone likelihood ratio technique. This technique 

will be used to obtain Uniformly Most Powerful (UMP) test for testing the mean of moderate distribution 

under the composite hypothesis. We have also obtained its power of the test. This finding is supported by 

example to test the mean and mean deviation under composite hypothesis. The derivation technique is fast, 

direct and less burdensome when compared to some existing methods.  

KEYWORDS: Moderate Distribution, Monotone Likelihood Ratio, UMP – Test, Neyman – Pearson Lemma. 

 

INTRODUCTION 

1.1 MODERATE DISTRIBUTION 

 We know that when a probability distribution is dependent on a parameter, it is important to know 

the estimator of such parameter and properties of such estimator so that it is feasible to draw inference about 

this parameter when only sample information is available for the given population following that distribution. 

 The moderate distribution is nothing but modified normal distribution in which location parameter 

is mean but the scale parameter is replaced by the mean deviation. The estimation of mean deviation under 

normal distribution is concerned, Naik and Desai (2009) have suggested some estimators. In this chapter an 

attempt is made to study of drawing inference about mean deviation under moderate distribution. Estimators 

of mean deviation are proposed and their properties are studied under moderate distribution.    

       The p.d.f. of a distribution of a random variable X is defined as, 

mailto:1maddysavsani@gmail.com
mailto:jinalnshah2@gmail.com2
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        𝑓 𝑥 =
1

𝜋𝛿
 𝑒−

1

𝜋
 
𝑥−𝜇

𝛿
 

2

 , −∞ < 𝑥 < ∞,−∞ < 𝜇 < ∞, 𝛿 > 0            (1.1.1) 

Then, the random variable X may be said to be following moderate distribution  with parameters μ 

and δ and may be denoted as X ~ M(μ,δ). 

It has been prove that, 

(i)  𝑓(𝑥)𝑑𝑥 = 1                                                                                                   (1.1.2)∞
−∞  

(ii) 𝑀𝑒𝑎𝑛 = 𝐸 𝑋 =  𝜇                                                                                            (1.1.3) 

(iii) 𝑀𝑒𝑎𝑛 𝐷𝑒𝑣𝑖𝑎𝑡𝑖𝑜𝑛 = 𝐸  𝑋 −  𝜇  =   𝛿                                                          (1.2.4) 

(iv) 𝑆𝑡𝑎𝑛𝑑𝑎𝑟𝑑 𝐷𝑒𝑣𝑖𝑎𝑡𝑖𝑜𝑛 =  𝜍 =   
𝜋

2
  𝛿                                                           (1.2.5) 

(v) 𝑀.𝐺.𝐹. =  𝑀𝑥 𝑡 =   𝑒𝜇𝑡+
𝜋

4
𝛿2𝑡2

                                                                      (1.2.6) 

(vi) 𝑓 𝜇 − 𝑥  =   𝑓 𝜇 + 𝑥                                                                                      (1.2.7) 

 

NOTE:-  It may be noted that the relationship between σ and δ is same as that in the normal distribution.  

  Thus, the distribution of a random variable X having p.d.f. as defined in (1.1.1) has location 

parameter as mean μ and scale parameter as mean deviation δ. Naik and Desai (2010) have introduced 

concept of rth degree(order or level) dispersion and identify  mean deviation and  variance defined measures 

of  first degree dispersion(FDD) and second degree dispersion respectively(SDD). 

 Suppose the FDD is fixed at constant ‘K’. Then for mean μ and FDD = K, the normal distribution is 

N(μ,ς = K) and the moderate distribution is M(μ,δ = K). 

Further, for normal distribution 

 

 𝛿 =   
2

𝜋
 𝜍 =  

2

𝜋
 𝐾. 

 

And for moderate distribution 

 

 𝜍 =   
𝜋

2
 𝛿 =   

𝜋

2
 𝐾. 

            Hence, corresponding to the values of ς and δ in N(μ,ς = K), viz. 

  ς = K and δ =  
2

𝜋
 𝐾, 

            in M(μ,δ = K) we get the values of ς and δ as  

 ς =  
𝜋

2
 𝐾 and δ = K. 

Therefore, for given value of first degree dispersion, the value of δ and ς in moderate distribution are larger 

than their respective values in normal dstribution (ς has increased from K to   
𝜋

2
 𝐾  and δ has increased from 

 2

𝜋
 𝐾 to K). 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 149 
 

Further, to explain the above fact more precisely, let us compare the standard normal distribution with 

standard moderate distribution. 

           

       Clearly, for taking μ = 0 and K = 1, 

          in N(0,ς = 1) we get  ς = 1 and δ =  
2

𝜋
 

          and M(0,δ = 1) we get  ς =  
𝜋

2
  and δ = 1. 

          Therefore, for standard moderate distribution, the values of δ and ς are larger than their respective 

values in standard normal distribution ( ς has increased from 1 to  
𝜋

2
 and δ  has increased from  

2

𝜋
 to 1), 

which means the FDD in M(0,1) is always relatively     higher than in N(0,1). 

 

1.2 UNIFORMLY MOST POWERFUL (UMP) TEST 

         Fisher, R.A. (1922) explained “on the mathematical foundations of theoretical statistics”, in this 

pioneered modern frequentist statistics as a model-based approach to statistical implement anchored on the 

notion of a statistical model as 

 G {gy(z), z ϵ Z, θ ϵ ϴ  ⊆  Rd. dimϴ < Z} 

  Fisher proposed to begin with pre-specified G as a hypothetical infinite population. He estimated the 

specification of G as a response to the question: what population is this a random sample? A mis-specified G 

would reduced any procedure relying on gy(z) or the likelihood function. In 1955, Fisher, R.A. argued for 

inductive inference spearheaded by his significant testing, and in 1956, Neyman, J. argued for inductive 

behavior based on Neyman- Pearson testing. However, neither account gave a satisfactory answer to the 

canonical question. 

           Over the last three decades, Fisher’s specification problem has been recast in the form of model 

selection problems. The essential question, how could n infinite set of all possible a single statistical model? 

We consider a parametric family of densities and two hypotheses as H0 and H1. When the domain of density is 

dependent on parameter, the theories for hypothesis testing and model selection have not developed. For the 

testing problem of type 

     H0 : θ ≤ θ1 or θ ≥ θ2 (θ1 < θ2)  against  H1: θ1 ≤ θ ≤ θ2 

We write the power function as Pow(θ, d) to make its dependence on the decision function explicit. 

Definition: A decision function d* is a uniformly most powerful (UMP) decision function (or test) at 

significance level α0 if 

(1) Pow(θ,d*) ≤  α0, ∀𝜃 𝜖 Ω0 

(2) For every decision function d which satisfies (1), we have     

Pow (θ,d) ≤  Pow(θ,d*) , ∀𝜃 𝜖 Ω1 

  If the alternative hypothesis is one-sided then they do for certain distributions and statistics. We 

proceed by defining the needed property on the population distribution and the statistic. 
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1.3  MONOTONE LIKELIHOOD RATIO 

Definition: Let T = t(X1, X2,…. Xn) be a statistic. Let 𝑓(𝑥1, 𝑥2,… . . , 𝑥𝑛|𝜃) be the joint density of the random 

sample. We say that 𝑓(𝑥1, 𝑥2,… . . , 𝑥𝑛|𝜃)has a monotone likelihood ratio in the statistic T if for all θ1  = θ2 the 

ratio 

 
𝑓(𝑥1, 𝑥2,…..,𝑥𝑛|𝜃1)

𝑓(𝑥1, 𝑥2,…..,𝑥𝑛|𝜃2)
 

 

depends on 𝑥1, 𝑥2,… . . , 𝑥𝑛 only through t(𝑥1, 𝑥2,… . . , 𝑥𝑛) and the ratio is an increasing function of 𝑓(𝑥1, 

𝑥2,… . . , 𝑥𝑛). 

 

1. UMP-test for Mean of Moderate Distribution 

                  A random sample of size n is take from a moderate random variable X with unknown parameter μ 

and δ. Formulate H0 and H1 as follows. 

 H0 : μ = μ0 

 H1 : μ > μ0. 

We would like to devise a UMP test for the above set of hypothesis. To do this, let us first devise a test for the 

following set of simple hypothesis where μ1> μ0. 

 H0 : μ = μ0 

 H1 : μ = μ1(> μ0) 

Use of Neyman-Pearson Lemma to this set of simple hypothesis. Recall that the likelihood function evaluated 

at  μ is, 

𝑓(𝑥1, 𝑥2,… . . , 𝑥𝑛 𝜇) =  (
1

𝜋𝛿
)𝑛 exp(−

1

𝜋
∑ (

𝑥𝑖 −  𝜇

𝛿
)2𝑛

𝑖=1 )  

Therefore, we will reject H0 if 

𝑓(𝑥1, 𝑥2,… . . , 𝑥𝑛|𝜃1)

𝑓(𝑥1, 𝑥2,… . . , 𝑥𝑛|𝜃2)
=
(

1
𝜋𝛿
)𝑛 exp(−

1
𝜋
∑ (

𝑥𝑖  −   𝜇0

𝛿
)2𝑛

𝑖=1 ) 

(
1
𝜋𝛿
)𝑛 exp(−

1
𝜋
∑ (

𝑥𝑖  −   𝜇1

𝛿
)2𝑛

𝑖=1 ) 
<  

1

𝐾
 

Therefore, simplifying  we reject H0 if 

                  exp (−
1

𝜋𝛿2 (∑ (𝑥𝑖  −   𝜇0
)2𝑛

𝑖=1 − ∑ (𝑥𝑖  −   𝜇1
)2𝑛

𝑖=1 )) <  
1

𝐾1
  

Taking natural logarithms of both side, 

−
1

𝜋𝛿2
( (𝑥𝑖  −   𝜇

0
)2

𝑛

𝑖=1

− (𝑥𝑖  −   𝜇
1
)2

𝑛

𝑖=1

) < ln (
1

𝐾1

) 

   𝑥𝑖  −   𝜇0 
2

𝑛

𝑖=1

−  𝑥𝑖  −   𝜇1 
2

𝑛

𝑖=1

 > −𝜋𝛿2 ln  
1

𝐾1

  

Expanding the sums, we have that 

  𝑥𝑖
2

𝑛

𝑖=1

 −  2𝑛𝑥 𝑛𝜇0  + 𝑛𝜇0
2 −    𝑥𝑖

2

𝑛

𝑖=1

 + 2𝑛𝑥 𝑛𝜇1 − 𝑛𝜇1
2  >  −𝜋𝛿2 ln  

1

𝐾1
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2𝑛𝑥 𝑛( 𝜇
1
−  𝜇0)  >  −𝜋𝛿2 ln (

1

𝐾1

) −  𝑛𝜇0
2 +  𝑛𝜇1

2  

Therefore,   𝑥 𝑛  >  
−𝜋𝛿2 ln(

1

𝐾1
)− 𝑛𝜇0

2+ 𝑛𝜇1
2 

2𝑛( 𝜇1− 𝜇0)
 =   𝐾∗. 

Thus, critical region has the form 𝑥𝑛    > 𝐾∗. If we choose that α(ψ*) = α0 , 

α0 =  π( ψ*, μ0) = P(𝑥 𝑛  > 𝐾∗  μ=μ0) = 𝑃(
𝑥 𝑛  −  𝜇

𝛿
 𝑛
 

  >  
𝐾∗ −  𝜇

𝛿
 𝑛
 

 )  =  𝑃(𝑍 >  
𝐾∗ −  𝜇

𝛿
 𝑛
 

 ) 

Therefore,  
𝐾∗ −  𝜇

𝛿
 𝑛
 

 =  Zα0  or equivalently,  K* = μ0 + Zα0 (𝛿
 𝑛
 ) 

Therefore, I have derived the form of the decision rule. 

2.1 Decision Rule:  

 Reject H0 if   𝑥 𝑛  >  μ0 + Zα0 (𝛿
 𝑛
 )     (or equivalently, Z > Zα0) 

Note that the decision rule does not depend on μ1. Therefore, any μ1 > μ0 would result in the exactly the same 

critical region. Therefore, above decision rule constitutes an UMP test for the mean. 

2.2 Power of the Test: 

It can be easily calculated at μ = μ1 (> μ0), the power is calculated by, 

𝜋   Ψ∗, 𝜇1 =   𝑃  𝑥 𝑛  >   μ0  +  Zα0   𝛿
 𝑛
    | μ =  μ1  

            = 𝑃 (
𝑥 𝑛 – μ1

(𝛿
 𝑛
 ) 

 >  
 μ0− μ1

(𝛿
 𝑛
 ) 

 +  Zα0) 

            = 𝑃 (𝑍 >  
 μ0− μ1

(𝛿
 𝑛
 ) 

 +  Zα0) 

            = 1 −  𝜙 ( 
 μ0− μ1

(𝛿
 𝑛
 ) 

 +  Zα0) 

Therefore,  𝛽(Ψ∗) =  𝜙 ( 
 μ0− μ1

(𝛿
 𝑛
 ) 

 +  Zα0). 

Notice that when μ1 = μ0 , the power is 

         1 −  𝜙 ( 
 μ0− μ1

(𝛿
 𝑛
 ) 

 +  Zα0)  =   1 −  𝜙(𝑍𝛼0) =   1 − ( 1 −  𝛼0) =  𝛼0  =   𝛼 ( 𝜓 ∗) 

As expected of result for critical region. 

Example:-1 Let X1, X2, …, Xn, be a random sample of from M(θ,1), then find the UMP test for testing H0: θ = 

0 against H1: θ > 0.   

Solution : 

                         H0: θ = 0 against H1: θ > 0 , we want to find a UMP test. Here H0 is simple and H1 is composite. 

Consider a specific alternative hypothesis H1: θ = θ0 > 0. Then an application of Neyman – Pearson lemma to 

test H0: θ = 0 against H1: θ = θ0 gives 

L(θ | 𝑥)  =  
1

πδ
 e
−

1

πδ2
 ( x1 −  μ)2

 x  
1

πδ
 e
−

1

πδ2
 ( x2 −  μ)2

 x  
1

πδ
 e
−

1

πδ2
 ( x3 −  μ)2

 x . . . x 
1

πδ
 e
−

1

πδ2
 ( xn −  μ)2

 

L(θ | 𝑥)  =  (
1

πδ
)n  e
−

1

πδ2
∑  ( xi −  μ)

2
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L(θ = 0 | 𝑥)

L(θ = θ0| 𝑥)
 =  
(

1
πδ
)n  e
−

1

πδ2
∑  ( xi −  0)

2

(
1
πδ
)n  e
−

1

πδ2
∑  ( xi −  θ0)

2
  ≤ K 

L(θ = 0 | 𝑥)

L(θ = θ0| 𝑥)
 =  

 e
−

1

πδ2
∑  ( xi )

2

 e
−

1

πδ2
∑  ( xi −  θ0)

2
  ≤ K 

L(θ = 0 | 𝑥)

L(θ = θ0| 𝑥)
 =   e

−
1

πδ2
∑  ( xi )

2+ −
1

πδ2
∑  ( xi −  θ0)

2

  ≤ K 

L(θ = 0 | 𝑥)

L(θ = θ0| 𝑥)
 =   e

1

πδ2
∑  (θ2 – 2 xi θ0)   ≤ K 

 𝑙𝑛  
L(θ=0 | 𝑥)

L(θ=θ0| 𝑥)
  =  ln  e

1

πδ2
   θ2 – 2 xi θ0 

    ≤ ln K 

 
1

πδ2
∑  (θ2 –  2 xi θ0) ln e    ≤ ln K 

 ∑  (θ2 –  2 xi θ0) ln e    ≤ πδ2 ln K 

 −2  θ0 ∑  (xi)    ≤ πδ
2 ln K − nθ0

2 =  K∗ 

 ∑  (xi)   ≥  
K∗

−2 θ0
 =  C1 

 
1

 𝑛
∑  (xi)   ≥  

𝐶1

𝑛
  ⇒ 𝑥   ≥  𝐶   Where 𝐶 =  

𝐶1

𝑛
 

 

Where C is determined such that P(𝑥 ≥ 𝐶 𝜃 = 0)and not by θ0 in H1 (hence independent of θ0) and the critical 

region will be the same if we had selected another value of θ = θ1 > 0. Therefore the test given by 𝑥   ≥  𝐶 is a 

UMP – test . 

Example:-2 Let X1, X2, …, Xn, be a random sample of from M(0,δ), then find the UMP test for testing H0: δ = 

1 against H1: δ > 1. 

Solution: 

 Consider a particular simple alternative hypothesis H1: δ = δ0 > 1. Then the Most Powerful Test 

(MPT) for testing H0 against is given by, 

L(θ | 𝑥)  =  
1

πδ
 e
−

1

πδ2
 ( x1 −  μ)2

 x  
1

πδ
 e
−

1

πδ2
 ( x2 −  μ)2

 x  
1

πδ
 e
−

1

πδ2
 ( x3 −  μ)2

 x . . . x 
1

πδ
 e
−

1

πδ2
 ( xn −  μ)2

 

L(θ | 𝑥)  =  (
1

πδ
)n  e
−

1

πδ2
∑  ( xi −  μ)

2

 

L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
 =  
(
1
π
)n  e−

1
π
∑  ( xi −  0)

2

(
1
πδ0
)n  e
−

1

πδ0
2∑  ( xi −  0)

2
  ≤ K 

L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
 =  δ0

ne
−

1
π
∑  ( xi )

2+
1

πδ0
2∑  ( xi)

2

 ≤ K 

Taking natural log on both side 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 153 
 

ln  
L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
}  = ln   δ0

ne
−

1
π
∑  ( xi )

2+
1

πδ0
2∑  ( xi)

2

}  ≤ ln K 

ln  
L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
}  = ln δ0

n + ln  e
−

1
π
∑  ( xi )

2+
1

πδ0
2∑  ( xi)

2

}  ≤ ln K 

ln  
L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
  = ln δ0

n −
1

π
    xi   

2 +
1

πδ0
2     xi 

2  ≤ ln K 

ln  
L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
  =  −

1

π
    xi   

2 +
1

πδ0
2     xi 

2  ≤ ln K − ln δ0
n = ln  

K

δ0
n  

ln  
L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
  =  −

1

π
    xi   

2 +
1

πδ0
2     xi 

2  ≤ K1           where K1 ln  
K

δ0
n  

ln  
L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
  =  −    xi   

2 +
1

δ0
2     xi 

2  ≤ πK1  

ln  
L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
  =  −δ0

2     xi   
2 +     xi 

2  ≤ πδ0
2 K1  

ln  
L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
  =      xi   

2(δ0
2 − 1)  ≥ −πδ0

2 K1  

ln  
L(δ = 1 | 𝑥)

L(δ = δ0| 𝑥)
  =      xi   

2  ≥
−πδ0

2 K1

 δ0
2 − 1 

= C 

∴     xi   
2  ≥ C 

where C =  
−πδ0

2 K1

(δ0
2 − 1)

 

RESULT 

 Observe that as long as δ0 > 1 the MPT will remain the same for each simple alternative hypothesis 

H1: δ = Σxi2 ≥ C where C is determined once. α , the probability of type – 1 error, is specified, and independent 

of δ0. Thus, P(Σxi2 ≥ C   H0 is true) = α . Since the critical region is independent of δ0, the test obtained here is 

UMP test. If we were testing  

H0: δ = 1 against H1: δ > 1, it can be verified that the corresponding UMP – test is Σxi2 ≥ C  
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ABSTRACT 

Far Point Spread from GrapeCity is a suite of Microsoft Excel-compatible spreadsheet components 

available for .NET, COM, and Microsoft BizTalk Server. Using Spread you can quickly create powerful database 

front-ends, easily manage the display and entry of up to two billion items, print flexible reports, perform 

complex calculations, read and write files, sort data, or simply take advantage of its unsurpassed cell-level 

formatting. It have more flexible and powerful features than data grid view. 

KEYWORDS: .Net,Farpoint Spread 

 

INTRODUCTION 

 From Grape City is a suite of Microsoft Excel-compatible spreadsheet components available for .NET, 

COM, and Microsoft BizTalk Server. 

 Using Spread you can quickly create powerful database front-ends, easily manage the display and 

entry of up to two billion items, print flexible reports, perform complex calculations, read and write files, sort 

data, or simply take advantage of its unsurpassed cell-level formatting.  

System Requirements 

 To run Spread, you need: 

 An Intel® Pentium® system or later, or equivalent  

 32 MB of memory (minimum)  

 a VGA card with support for 256 colors or better  

 a CD-ROM or setup program for install and  

 22 MB of hard disk space (full install)  

  Depending on which control you use, you also need to use the following operating system and 

development environment. 

 

Control Required Operating System and Development Environment 

 

32-bit ANSI DLL Microsoft Windows NT® 4 SP3 or later, Windows 98, Windows 2000, 

Windows Millennium Edition, Windows Vista, or Windows XP; Microsoft 

mailto:rajendrabudake@gmail.com
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Visual C++® 6 or later 

32-bit Unicode DLL Microsoft Windows NT® 4 SP3 or later, Windows 2000, Windows Vista, 

or Windows XP; Microsoft Visual C++® 6 or later 

ADO Unicode ActiveX Microsoft Windows NT® 4 SP3 or later, Windows 2000, Windows Vista, 

or Windows XP; Microsoft Visual Basic® 6 or later or Microsoft Visual C++ 

6 or later 

ADO ActiveX Microsoft Windows NT® 4 SP3 or later, Windows 98, Windows 2000, 

Windows Millennium Edition, Windows Vista, or Windows XP; Microsoft 

Visual Basic 6 or later or Microsoft Visual C++ 6 or later 

 

Versions: 

• Spread for Windows Forms: 5.0  

• Spread for Web Forms: 5.0  

• Spread COM: 8.0  

• Spread for BizTalk: 3.0  

 

1.1. Features of spread sheet: 

• Predefined cell types, including:  

I. currency 

II. date time 

III. number 

IV. percent 

V. regular expression 

VI. button 

VII. check box 

VIII. combo box 

IX. hyperlink 

X. image 

• Formula support, including:  

I. cross-sheet referencing  

II. over 300 built-in functions  

• Import and export:  

I. import to Microsoft Excel-compatible files  

II. export to Microsoft Excel-compatible files  

III. export to HTML files  

IV. export to XML files  
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• Design-time spreadsheet designer  

• Data-binding with customizable options  

• Hierarchical data views, with parent rows and child views  

• Grouping of rows or columns  

• Sorting by row or column on multiple keys  

• Cell spanning  

 

Multiple row and column headers  

• Bound and unbound modes  

 

1.2 When to use a Spreadsheet? 

 Whenever NUMERICAL data requires like 

 

1. Calculation: 

Which may be complex, repetitive, or both. 

 

2. Presentation: 

In tabular and/or graphical format. 

 

3. Analysis: 

Of complex situations.  

 

4.Exploration 

Of probable outcomes. 

 

 

 

 

 

1.3 A ‘typical’ Spread sheet: 
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2.1How To Apply In .Net ? 

i. Install FarPoint Setup. 

ii. Add tab in Toolbox. 

iii. Choose Toolbox Items. 

iv. Select Com Components and select FarPoint Spread. 

v. Drag and Drop FarPoint on form.  

vi. Right Click on spread and select ActiveX-spread designer. 

 

2.2Spread Designer:- 
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Using farpoint spread in .NET we can develop any kind of software. spread sheet is very powerful , 

easy and less code than use of DataGridView .It is Fast and efficient and Automatically 

recalculates.ItProvides multiple ways to implement state management in ASP. Net. 

 

Example: 

           You can use any language in spreadsheet. 

 

  

Sample Code of using spread sheet in .NET 

 

PrivateSub LoadSpreadSheet() 

Dim i AsInteger 

Dim VarHeading_No, VarHeading_name, VarPatrakNo, varmember_name,  

varJamaRs, varNaveRs, BId 

VarHeading_name = Nothing 

        varmember_name = Nothing 

        varJamaRs = Nothing 

        varNaveRs = Nothing 

        VarHeading_No = Nothing 

        BId = Nothing 

        VarPatrakNo = Nothing 

        VarPatrakNo = Val(txtpatrakNo.Text) 

        VarHeading_No = Val(txtKhateNo.Text) 

        VarHeading_name = cmbpatrakname.Text 

        varmember_name = txtSabhasadName.Text 
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        varJamaRs = Val(txtTotalAmount.Text) 

        BId = Val(lblBId.Text) 

        i = AxfpSpread1.ActiveRow 

        AxfpSpread1.SetInteger(1, i, VarHeading_No) 

        AxfpSpread1.SetText(2, i, varmember_name) 

If txtJamaNave.Text = 1 Then 

            AxfpSpread1.SetText(3, i, VarHeading_name) 

            AxfpSpread1.SetFloat(4, i, varJamaRs) 

Else 

            AxfpSpread1.SetInteger(7, 1, VarPatrakNo) 

            AxfpSpread1.SetInteger(5, 1, VarHeading_No) 

            AxfpSpread1.SetText(8, 1, VarHeading_name) 

            AxfpSpread1.SetFloat(9, i, varJamaRs) 

Dim Per, BankRs AsDouble 

            Per = (varJamaRs) * 5 / 100 

            lbltest.Text = Per 

            BankRs = varJamaRs - Per 

            lblBankRs.Text = BankRs 

            AxfpSpread1.SetFloat(5, 1, BankRs) 

            AxfpSpread1.SetText(4, 1, (lblBank.Text).ToString) 

            AxfpSpread1.SetInteger(3, 2, 1) 

            AxfpSpread1.SetInteger(3, 1, BId) 

            AxfpSpread1.SetFloat(5, 2, Per) 

            AxfpSpread1.SetText(4, 2, (Label11.Text).ToString) 

            AxfpSpread1.SetInteger(6, 1, VarHeading_No) 

EndIf 

EndSub 
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ABSTRACT 

 In the field of agriculture, use of proper method of irrigation is important and it is well known that 

irrigation by drip is very economical and efficient. In the conventional water management system, the farmer 

has to keep watch on the irrigation timetable, which is different for different crops. This project defines the 

implementation of an internet driven intelligent and completely automated water management system. The 

software and hardware combined together to provide a very advanced control over the currently 

implemented manual drip irrigation system. Microcontroller and PC based software is used to interface the 

board and control the valve ON/OFF timings. The software is capable to downloading the ON/OFF timings for 

drips from websites hosted by agricultural universities. Farmers can get instant assistance from universities 

to change the drip ON/OFF timings based on current climate, soil condition, fertilizers used, etc. The 

microcontroller based unit can operate in standalone mode since and only needs to be connected shortly to 

the PC in order to download the new values of valve ON/OFF timings. A software module will also be 

designed for agricultural universities to upload the drip ON/OFF timings for particular farm layout. The 

Wireless Sensor Network for Agriculture is an innovation of improving current water irrigation system. The 

scopes of this project consist of hardware and software. The basic idea is to provide user-controller of the 

hardware receiver board from the transmitter board that contains sensors that will send current condition of 

the plant to the receiver. 

KEYWORDS: ATMega-32 Microcontroller, Drip Irrigation, Light Sensor (LDR), Wireless Sensor Nodes 
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INTRODUCTION 

It has been ten years since drip irrigation was introduced in California to be used on commercial 

agricultural crops. The initial  work  was  started  in  an  avocado  orchard  in  San  Diego  County,  and  from  

this  small  five-acre experimental orchard the acreage has increased tremendously. Many crops are under 

test with drip irrigation. Equipment used in drip irrigation systems is very important. There are many pieces 

of equipment required. They include plastic hose or  pipe, spaghetti  hose,  emitters,  pressure  regulators,  

pressure  gauges,  valves,  fertilizer tanks, filters — both sand and screen, time clocks, Tensiometer, 

evaporative pans, meters, and fertilizer injectors. One of the most important items in the hardware for drip 

irrigation systems is the filter.  An automated management of greenhouse brings about precise control 

needed to provide the most proper condition of plant growth. The five most important parameters to 

consider when creating drip irrigation are humidity, temperature, ground water, carbon dioxide, light 

intensity [6]. 

 this paper an advance microcontroller LM3S5T36 which is 32-bit ARM® Cortex™-M3 with features 

of 32kb single flash memory, 12kb RAM and three 32 bit timers and two 10 bit analog to digital converter is 

used. A timer for the automation of drip irrigation is set, which works accordingly to the sensors and 

combining all this features the flow of water in  fields will be automatically controlled rather than manually. It 

also contains the temperature and moisture sensor. 

Sensors are installed in the root zone at the undisturbed soil. The soil moisture sensor is a sensor 

connected to an irrigation system controller that measures soil moisture content in the active root zone. Soil 

moisture sensor can reduce irrigation application by 50%. Water saving have been measured between 5% to 

88% over typical timer - base irrigation system. Sensors are placed at least 5 ft from the downspouts for 

avoiding the high moisture areas. Tensiometer can be used as the moisture sensor to detect moisture 

contents of soil.  The sensor will not be damaged by temperatures as low as -40°C (-40°F); it is safe to leave 

the sensor in the ground year-round for permanent installation. These sensors are buried in the ground at 

required depth. Once the soil has reached desired moisture level the sensors send a signal to the micro 

controller to turn off the relays, which control the valves. RTD like PT 100 can be used as the temperature 

sensor. [7] 

WHY TO USE DRIP IRRIGATION? 

• It’s easy to install and simple to use 

 • Fertilize the plants directly through drip system 

 • Save 20 - 80% of water and fertilizer bills 

 • Control weed growth by watering only where it need 

 • Each plant can be watered individually 

 • Protect the property from erosion 

 • Reduce snail population 

 • Have healthier, faster-growing plants 
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OBJECTIVES 

•Resource Optimization in Water Management System for agricultural sector. 

• To Provide the Decision Support System for Water Management System. 

• To save the water, energy and man power in the agriculture sector. 

• To design, build and test the system which will be economical, efficient and effort reducing of the farmer. 

 

LITERATURE SURVEY 

4.1 Design of Micro controller Based Drip Irrigation System 

The key elements that should be considered while designing a mechanical model:- 

a) Flow:-You can measure the output of your water supply with a one or five gallon bucket and a stopwatch. 

Time how long it takes to fill the bucket and use that number to calculate how much water is available per 

hour. Gallons per minute x 60=number of gallons per hour. 

b) Pressure (The force pushing the flow):-Most products operate best between 20 and 40 pounds of 

pressure. Normal household pressure is 40-50 pounds. 

c) Water Supply & Quality: - City and well water are easy to filter for drip irrigation systems.    Pond, ditch 

and some well water have special filtering needs.   The quality and source of water will dictate the type of 

filter necessary for your system.  

d) Soil Type and Root Structure: - The soil type will dictate how a regular drip of water on one spot will 

spread. Sandy soil requires closer emitter spacing as water percolates vertically at a fast rate and slower 

horizontally.  With a clay soil water tends to spread horizontally, giving a wide distribution pattern.  Emitters 

can be spaced further apart with clay type soil.  A loamy type soil will produce a more even percolation 

dispersion of water.  Deep -rooted plants can handle a wider spacing of emitters, while shallow rooted plants 

are most efficiently watered slowly (low gph emitters) with emitters spaced close together. 

e) Timing: - Watering in a regular scheduled cycle is essential. On clay soil or hillsides, short cycles repeated 

frequently work best to prevent runoff, erosion and wasted water. In sandy soils, slow watering using low 

output emitters is recommended.  Timers help prevent the too-dry/too-wet cycles that stress plants and 

retard their growth. They also allow for watering at optimum times such as early morning or late evening. 

f) Watering Needs: - Plants with different water needs may require their own watering circuits.   For 

example, orchards that get watered weekly need a different circuit than a garden that gets watered daily. 

Plants that are drought tolerant will need to be watered differently than plants requiring a lot of water. 

The below is the system architecture for the automation of the drip irrigation. From Figure 1 it can see 

that the sensors send the signal to the microcontroller here in this there is an inbuilt timer and PC is used to 

display the readings. From microcontroller it sends to the water pump and from there it goes to the irrigation 

lines. 
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Figure 1: Block Diagram 

 

4.2 Concept of Modern Irrigation System 

The conventional irrigation methods like overhead sprinklers, flood type feeding systems usually wet the 

lower leaves and stem of the plants. The entire soil surface is saturated and often stays wet long after 

irrigation is completed. Such condition promotes infections by leaf mold fungi. The flood type methods 

consume large amount of water and the area between crop rows remains dry and receives moisture only 

from incidental rainfall. Water is supplied frequently, often daily to maintain favorable soil moisture 

condition and prevent moisture stress in the plant with proper use of water resources. 

 

 

Figure 2: Drip Irrigation 

 

Drip  irrigation  requires  about  half  of  the  water  needed  by sprinkler  or  surface  irrigation. 

Lower operating pressures and flow rates result in reduced energy costs. A higher degree of water control is 

attainable. Plants can be supplied with more precise amounts of water. Disease and insect damage is reduced 
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because plant foliage stays dry. Operating cost is usually reduced. Federations may continue during the 

irrigation process because rows between plants remain dry. Fertilizers can be applied through this type of 

system. This can result in a reduction of fertilizer and fertilizer costs. When compared with overhead 

sprinkler systems, drip irrigation leads to less soil and wind erosion. Drip irrigation can be applied under a 

wide range of field conditions. A typical Drip irrigation assembly is shown in Figure (3) below. Drip irrigation 

is popular because it can increase yields and decrease both water requirements and labor. 

 

 

 

Figure 3: Typical Drip Irrigation 

 

4.3 Components of Microcontroller Drip Irrigation 

The components of micro controller based drip irrigation system [1] are as follows:- 

 I) Pump 

II) Water Filter 

III) Flow Meter  

IV) Control Valve 

V) Chemical Injection Unit 

VI) Drip lines with Emitters 

VII) Moisture and Temperature Sensors. 

VIII) Micro controller Unit (The Heart of the system). 

 

 METHODOLOGY 

5.1 Use of Linear Programming in System: 

Linear programming (LP or  linear optimization) is  a mathematical method  for determining a  way 

to achieve the best    outcome (such  as  maximum   profit  or  lowest cost)   in  a given   mathematical  model     

for   some list of requirements represented as linear relationships. Linear programming is a specific case of 

mathematical programming (mathematical optimization). 
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• To evaluate control parameters like how much total water we have and what quantities of different 

crops must be used to give optimum throughput (production). 

• E.g.  How to divide drip water timings in order to attain best possible throughput. 

5.2 Use of Interpolation in System: 

To map the physical parameter readings for areas in farm where taking manual readings is not 

possible. E.g.  If we have a reading at 1 point and then directly at 2nd point 25 meters away. Then we shall 

interpolate the values for points at every meter between the two measured points 

Interpolation: - Interpolation is a method of constructing new data points within the range of a discrete set 

of known data points.  

Extrapolation: - The term extrapolation is used if we want to find data points outside the range of known 

data points 

 

 SYSTEM ARCHITECTURE AND WORKING 

The aim is to design Intelligent Irrigation System Using Linear Programming.   This system must be 

able to control the Valve timings of drips automatically based on pre-programmed timings. The time intervals 

for all the Valves can be fed into PC for an entire week or month.  Regional language based GUI must be 

developed so that novice users must be able to feed in the timings or program the hardware.   An ADC 

connected to micro controller must gather the humidity values for soil at various points.   These values must 

be visualized in software using 3D plots to assist the user in deciding valve timings 

 

Figure 5: True Drip Irrigation System 

 

In this system Computer Can read the ADC values also receives sensor data and on the basis of ADC 

values and Sensor data we can apply linear programming  in   order   to   generate   optimum watering plan 

i.e. Minimum Water  Maximum Productivity Maximum Profit. On the basis of values that we have read 

from ADC and Sensor we can easily apply linear programming in order to generate optimum watering plan 

through which we can  generate drip control commands and later on we transmit that drip commands to the 
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Hardware Device. Hardware device is totally operated on wireless network. i.e. Computer can communicate 

with hardware device through WSN. 

 

ALGORITHMS INVOLVED IN WIRELESS SENSOR NETWORK FOR AGRICULTURAL ENVIRONMENT SENSING 

In this system there are three Main Algorithms 

1) Mater Side Algorithm 

2) Node Side Algorithm 

3) Remote Side Algorithm 

The algorithms are as follows 

 

Master Side Algorithm 

1) Start 

2) Initialize i=1 

3) Select Xbee Node i 

4) Send Adderess 

5) Send ADC Read Command 

6) Read Sensor Value at Node i 

7) i=i+1 

8) Repeat steps 3 to 7 for all Nodes. 

9) Evaluate sensor values 

10) Apply Linear Programming 

11) Generate control data 

12) Send Xbee Address 

13) Send H/W relay/pump control command 

14) Submit log to Remote Server. 

15) Goto step 2 

 

Node Side Algorithm 

1) Initialize Micro-Controller 

2) Read Self Address 

3) Wait for XBee Commmand 

4) Read Xbee Command 

5) If ADC Command, read ADC value send back to Xbee 

Else if DEVICE Command Control Drips. End 

6) Goto step 3 
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Remote Side Algorithm 

1) Start 

2) Initialize Server (Tomcat Apache) 

3) Wait for Client request 

4) Read client request 

5) Read latest submitted drip data 

6) Send data to client as response 

7) Goto step 3 

These are the main algorithms on which my system runs. 

 

RESULTS AND DISCUSSION 

The working of my project in real time environment is as shown in below. 

Here in Figure 6 shown below that get control by using soil moisture sensor, temperature sensor and 

light sensor.  That means drip it will be getting ON and OFF on the soil moistures sensors reading, if soil 

moisture is below pre-setted threshold value in that case Water pump it will get ON and also respective Drip 

or Valve is get ON and release particular amount of water to the soil. Once soil reaches to its presetted 

moisture level then the Valve as well as Water Pump will OF automatically. Apart from that have combine 

temperature sensor and light sensor. If temperature of the air t will get increases and it exceed the pre-setted 

limit of threshold values at that time automatically Fans will be get ON, it temperature remains below the 

threshold values at that time Fan Remains OFF. Also if light intensity is below the threshold values at that 

time bulb will ON automatically and if it equal or above the threshold value at that time bulb remains OFF. 

When this system is get used in control environment then we get all the results from this system. But when 

this system is get used in uncontrolled environment then it works as usual but by using linear programming 

though it will be get used in uncontrolled environment it water distribution will done properly. 

 

 

Figure 6:- Execution of the project in the Bajara field 
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Thereafter have recorded temperature and light readings on ordinary day in the Farm, also I have 

tested my system for different crops like Bajara, groundnuts fields it works efficiently and effectively.  

All the recorded readings are as shown in table below. 

Table 1: Live Readings (Recorded Reading on Ordinary Day) 

 

Time 

Temperature  Soil Moisture           Light 

Node 1 Node 2 Node 1 Node 2 Node 1 Node 2 

09:30 25.1 24.3 64.1   65.4     114.8     115.1 

10:00 25.8 24.9 64.3 64     117.8     118.1 

10:30 33.5 32.9 63.5 62.7     120.5     120.4 

11:30 31.6 30.9 62.9 62.8     123.3     123.7 

12:30 28.3 28.1 61.3 61.6       128.0     127.5 

01:00 32.3 32.1 60.5 60.8     128.0     128.0 

01:30 34.8 34.6 59.2 59.1     128.0     128.0 

02:30 30.9 30.5 58.6 58.3     128.0     128.0 

03:30 32.6 32.1 57.2 57.9     127.3     127.6 

04:00 31.4 31.0 56.6 56.2     126.1     126.3 

04:30 29.2 30.0 55.1 55.5     115.3     114.7 

05:54 28.5 28.1 54.3 54.2     110.4     111.1 

 

 

Table 2: Statistical Analysis of Result Values 

 

 

 

 

 

 

 

 

 

 

 

 

 

Thus by using this system one can save water and power/energy upto 50%. 

 

CONCLUSION 

Thus The Wireless Sensor Networking for Agricultural Environment Sensing provides regularly 

updated soil moisture and ground water data at different spots and different depths in the field, along with 

Time Drip Irrigation Without  Using L.P Drip Irrigation Using L.P 

Water(Liters) Power(Watts) Water(Liters) Power(Watts) 

09:00- 10:00 2000 4000 2000 4000 

10:30- 11:30 2000 4000 1000 2000 

12:00- 12:30 1000 2000 700 1400 

12:45-01:50 2400 4800 1300 2600 

02:00-03:00 2000 4000 1000 2000 

03:10-04:10 2000 4000 800 1600 

04:15-05:15 2000 4000 600 1200 

05:20-06:20 2000 4000 500 1000 

Total 15400 Liters 30800Watts 7900 Liters 9000 Watts 

 15400-7900 =7500   Liters 

Water Saved = 48.7% 

30800-15800= 15000 Watts 

Power Saved = 48.7% 
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that it also provides to be a real time feedback control system which monitors and controls all the activities of 

drip irrigation system efficiently, and by using this system one can save up to 50% of water and power. The 

present system is model to modernize the agriculture industries at the mass scale with optimum expenditure. 

This is the first of its kind in using linear programming for drip irrigation systems. Using this system, one can 

save manpower, water, energy/power to improve production and ultimately profit. Also for future 

enhancement it is possible to registered farmer to download drip control timings from agricultural 

universities website and control own drip irrigation system according to  university. Also in future 

enhancement it is possible to control all the activities of same drip irrigation system with the help of android 

platform supported mobile. 
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ABSTRACT 

Big data is a broad term that refers to data sets whose size, complexity, and rate of growth make 

them difficult to captured, managed, processed or analyzed by conventional technologies and tools. To extract 

value from it; requires new technologies and architectures so that it becomes possible Big data attributes like 

volume, velocity, variety, variability, value put forward many challenges. Hadoop is a programming 

framework for structuring Big data and solves the problem of making it useful for analytic purposes. Hadoop 

is an open source software project and consists of a storage part and a processing part. Hadoop is highly fault-

tolerant and can be deploy on low cost commodity hardware. It enables the distributed processing of large 

data sets across clusters of commodity servers. This paper introduces the Big data and Hadoop tool along 

with its importance in the modern world. 

KEYWORDS:  Big Data, Hadoop, HDFS, MapReduce, Hadoop Components. 

 

INTRODUCTION 

We are in the world of technology and huge volume of data flowing and collected from many sources 

such as from our PC’s, Laptop, mobile phone, social media site, web site sensors -used to gather climate 

information, posts to social media sites, digital pictures and videos, purchase transaction records, and cell 

phone GPS signals etc. This data is characterized as structured, semi-structured, and unstructured. The Big 

data is actually comes in different unit according to the need of the organization. 

 Conventional computing environment uses DBMS and RDBMS to store and manage data. This 

technology provides specific structure to the data. The analysts mostly use structured data to extract 

mailto:1gpmulla_id@yahoo.co.in
mailto:2drhtdmaths@gmail.com
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meaningful information. Traditional computing environment is not suitable to deal with unstructured or 

semi-structured data that mostly uses text-based data, audio and video data, social networking blogs, etc. 

 

WHAT IS BIG DATA? 

Big data refers to the collection and subsequent analysis of any significantly large collection of data 

that may contain hidden insights or intelligence (user data, sensor data, and machine data). When analyzed 

properly, big data can deliver new business insights, open new markets, and create competitive advantages. 

 Big data is a term that refers to data sets whose size, complexity, and rate of growth make them 

difficult to be captured, managed, processed or analyzed by conventional technologies and tools.[1]  

Big data can be refers to datasets whose sizes are beyond the ability of typical database software 

tools to capture, store, manage and analyze. There is no explicit definition of how big a dataset should be in 

order to be considered big data. New technology has to be in place to manage this Big data phenomenon. IDC 

(International Data Corporation) defines Big data technologies as a new generation of technologies and 

architectures designed to extract value economically from very large volumes of a wide variety of data by 

enabling high velocity capture, discovery and analysis. According to O’Reilly, “Big data is data that exceeds the 

processing capacity of conventional database systems. The data is too big, moves too fast, or does not fit the 

structures of existing database architectures. To gain value from these data, there must be an alternative way 

to process it.” [6] 

CHARACTERISTICS OF BIG DATA 

Compared to the structured data in business applications, big data (according to IBM) consists of the 

following three major characteristics (3 V’s): 

Variety—Extends beyond structured data and includes semi-structure or unstructured data of all varieties, 

such as text, audio, video, click streams, log files, and more. 

Volume—Comes in one size: large. Organizations are awash with data, easily amassing hundreds of terabytes 

and petabytes of information.  

Velocity—Sometimes must be analyzed in real time as it is streamed to an organization to maximize the 

data’s business value. Velocity is refer the speed at which data is created, processed and analyzed 

continues to accelerate. 

Nowadays, there are two more V's: 

Variability—Variability considers the inconsistencies of the data flow. Data loads become challenging to be 

maintained especially with the increase in usage of the social media which generally causes peak in data 

loads with certain events occurring. 

Value— Business value that gives organization a compelling advantage, due to the ability of making decisions 

based in answering questions that were previously considered beyond reach. 
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CHALLENGES WITH BIG DATA 

In a broad range of application areas, data is being collected at an unique scale. Decisions that 

previously were based on guesswork, or on the basis of reality, at present now decision to be made using 

data-driven mathematical models. Such Big Data analysis now drives nearly every aspect of society, including 

mobile services, retail, manufacturing, financial services, life sciences, and physical sciences.  [7] 

 Heterogeneity  

 When there is a lot of information, a great deal of heterogeneity is comfortably tolerated. In fact, the 

nuance and richness of natural language can provide valuable depth. However, machine analysis algorithms 

expect homogeneous data, and cannot understand nuance. In consequence, data must be carefully structured 

prior to data analysis. Even after data cleaning and error correction, some incompleteness and some errors in 

data are likely to remain. This incompleteness and these errors must be managed during data analysis. Doing 

this correctly is a challenge. 

 Scalability  

Scalability is the major challenge with the big data. You want to be able to scale very rapidly and 

elastically, whenever and wherever you want. There is a need of effective solution to enable the cost-effective, 

feasible, scalable storage and processing of large volume of data. Most NoSQL solutions like MongoDB or 

HBase have their own scaling limitations. 

 Performance  

In the world of internet big data must move at extremely high velocities no matter how much you 

scale or what workloads your database must perform. You need that big data analysis is performed within 

time constraints as require. The data handling hoops of RDBMS and most NoSQL solutions put a serious drag 

on performance. 

 Continuous Availability  

When you rely on big data to feed your essential, revenue-generating 24/7 business applications, 

even high availability is not high enough. Your data can never go down. The capabilities of existing system to 

process streaming information and answer queries in real-time and for thousands of concurrent users are 

limited. People expect real-time or near real-time responses from the systems they interact with. 

 Data Security  

Security is the big concern with the big data. As larger amount of data is processed and transfer 

among the organizational boundaries and this big data carries some big risks when it contains credit card 

data, personal ID information and other sensitive assets. Now the challenge is how to protect this sensitive 

data and how to keep private. Most NoSQL big data platforms have few if any security mechanisms in place to 

safeguard your big data. Security concerns about data protection are a major obstacle preventing companies 

from taking full advantage of their data. 
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 Identifying Right Data  

Identifying the right data from the vast amount of data is the big challenge. Since there are large 

number of sources such as social networking sites, blogs, different types of content such as articles, 

comments.  Companies have difficulty identifying the right data and determining how to best use it. 

Therefore, there is the need to find out the rules that will help in identifying the right data Building data-

related business cases often means thinking outside of the box and looking for revenue models that are very 

different from the traditional business.  

 Identifying right talent  

Companies are struggling to find the right talent capable of both working with new technologies and 

of interpreting the data to find meaningful business insights.  

 Identifying right Platform  

Data access and connectivity can be an obstacle. A majority of data points are not yet connected 

today, and companies often do not have the right platforms to aggregate and manage the data across the 

enterprise. In order to address the growing volume of data created as a part of power grid operation.  

 Identify right architecture  

The technology landscape in the data world is evolving extremely fast. Leveraging data means 

working with a strong and innovative technology partner that can help create the right IT architecture that 

can adapt to changes in the landscape in an efficient manner.  

 

HADOOP: SOLUTION FOR BIG DATA PROCESSING 

Hadoop is an open source project hosted by Apache Software Foundation. It mainly consists of  

1. File System (The Hadoop File System) and 

2. Programming Paradigm (Map Reduce). 

There exist many problems in dealing with storage of large amount of data. However, the storage 

capacities of the drives have increased massively but the rate of reading data from them has not shown that 

considerable improvement. The reading process takes large amount of time and the process of writing is also 

slower. This time can be reduced by reading from multiple disks at once. Only using one hundredth of a disk 

may seem wasteful. But if there are one hundred datasets, each of which is one terabyte and providing shared 

access to them is also a solution. There occur many problems also with using many pieces of hardware as it 

increases the chances of failure. This can be avoided by Replication i.e. creating redundant copies of the same 

data at different devices so that in case of failure the copy of the data is available. 

The main problem is of combining the data being read from different devices. Many a methods are 

available in distributed computing to handle this problem but still it is quite challenging. The problem of 

failure is handled by the Hadoop Distributed File System and problem of combining data is handled by Map 

reduce programming Paradigm. Map Reduce reduces the problem of disk reads and writes by providing a 
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programming model dealing in computation with keys and values. Hadoop thus provides a reliable shared 

storage and analysis system. The storage is provided by HDFS and analysis by MapReduce.[2] 

 Working process of Hadoop Architecture 

Hadoop is designed to run on a large number of machines that do not share any memory or disks. 

That means you can buy a whole bunch of commodity servers, slap them in a rack, and run the Hadoop 

software on each one. When you want to load all of your organization’s data into Hadoop, what the software 

does is bust that data into pieces that it then spreads across your different servers. There’s no one place 

where you go to talk to all of your data; Hadoop keeps track of where the data resides. And because there are 

multiple copy stores, data stored on a server that goes offline or dies can be automatically replicated from a 

known good copy. 

In a centralized database system, you have got one big disk connected to four or eight or 16 big 

processors. But that is as much horsepower as you can bring to bear. In a Hadoop cluster, every one of those 

servers has two or four or eight CPUs. You can run your indexing job by sending your code to each of the 

dozens of servers in your cluster, and each server operates on its own little piece of the data. Results are then 

delivered back to you in a unified whole. That’s Map/Reduce you map the operation out to all of those servers 

and then you reduce the results back into a single result set. 

Architecturally, the reason you are able to deal with lots of data is because Hadoop spreads it out. 

And the reason you are able to ask complicated computational questions is because you’ve got all of these 

processors, working in parallel, harnessed together. 

Hadoop implements a computational paradigm named Map/Reduce, where the application is divided 

into many small fragments of work, each of which may be executed or re-executed on any node in the cluster. 

In addition, it provides a distributed file system (HDFS) that stores data on the compute nodes, providing 

very high aggregate bandwidth across the cluster. Both Map/Reduce and the distributed file system are 

designed so that node failures are automatically handled by the framework. Hadoop Common is a set of 

utilities that support the other Hadoop subprojects.[8] 

Hadoop Common includes File System, RPC, and serialization libraries. 

 Hadoop Components in detail 

1. Hadoop Distributed File System 

Hadoop comes with a distributed File System called HDFS, which stands for Hadoop Distributed File 

System. HDFS is a File System designed for storing very large files with streaming data access patterns, 

running on clusters on commodity hardware. HDFS block size is much larger than that of normal file system 

i.e. 64 MB. The reason for this large size of blocks is to reduce the number of disk seeks.  

A HDFS cluster has two types of nodes i.e. namenode (the master) and number of datanodes 

(workers).  

Namenode(Master): Manages the file system namespace, maintains the file system tree and the 

metadata for all the files and directories in the tree.  

Datanode(Worker): Stores and retrieve blocks as per the instructions of clients or the namenode.  
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The data retrieved by datanode is reported back to the namenode with lists of blocks that they are 

storing. Without the namenode it is not possible to access the file. So it becomes very important to make 

namenode resilient to failure.  

Hadoop creates clusters of machines and coordinates work among them. Clusters can be built with 

commodity hardware. If one fails, Hadoop continues to operate the cluster without losing data or interrupting 

work, by shifting work to the remaining machines in the cluster. HDFS manages storage on the cluster by 

breaking incoming files into pieces, called “blocks,” and storing each of the blocks redundantly across the pool 

of servers. In the common case, HDFS stores three complete copies of each file by copying each piece to three 

different servers. [2] 

 

Figure 1. Hadoop Architecture 

 

2. Map Reduce 

Map Reduce is the programming paradigm allowing massive scalability. The MapReduce basically 

performs two different tasks i.e. Map Task and Reduce Task. A map-reduce computation executes as follows: 

Map tasks are accepting input from distributed file system. The map tasks produce a sequence of key-

value pairs from the input and this is do according to the code written for map function. These value 

generated are collected by master controller and are sorted by key and divided among reduce tasks. The 

sorting assures that the same key values ends with the same reduce tasks. The Reduce tasks combine all the 

values associated with a key working with one key at a time. Again the combination process depends on the 

code written for reduce job. The Master controller process and some number of worker processes at different 

compute nodes are forked by the user. Worker handles map tasks (MAP WORKER) and reduce tasks 

(REDUCE WORKER) but not both. The Master controller creates some number of map and reduce tasks which 

is usually decided by the user program. The tasks are assigned to the worker nodes by the master controller. 

Track of the status of each Map and Reduce task (idle, executing at a particular Worker or completed) is kept 

by the Master Process. On the completion of the work assigned the worker process reports to the master and 

master reassigns it with some task. The failure of a compute node is detected by the master as it periodically 

pings the worker nodes. All the Map tasks assigned to that node are restarted even if it had completed and 

this is due to the fact that the results of that computation would be available on that node only for the reduce 
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tasks. The status of each of these Map tasks is set to idle by Master. These get scheduled by Master on a 

Worker only when one becomes available. The Master must also inform each Reduce task that the location of 

its input from that Map task has changed. [2] 

3. Other Components of Hadoop:  

Hadoop is an open source project hosted by Apache Software Foundation. It consist core component- 

HDFS and MapReduce along with these components; this framework offers other components such as HBase, 

Pig, Hive, Sqoop, Avro, Oozie. Chukwa, Flume, Zookeeper. [4] 

 

Figure 2. MapReduce Dataflow 

 

 

 

CONCLUSION 

This paper described the Big data along its characteristics. Big data arise new challenges and issues. 

All those important issues and challenges have been described in this paper. These challenges and issues will 

help the business organizations which are moving towards new architecture and technology for increasing 

the value of the business. Problems due to Big data discussed are easily handled by Hadoop. Hadoop is open 

source software project tool for Big data processing is described in detail also comparing it with other exiting 

technologies. The problem of failure is handled by the Hadoop Distributed File System and problem of 

combining data is handled by Map reduce programming Paradigm.  
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ABSTRACT 

 It is said by the ICT experts ICT means, it may be said to be that technology which is used for 

information management which involves acquisition, processing, storage, retrieval and dissemination of 

information. It can be defined as the use of hardware and software for efficient management of information 

i.e. storage, retrieval, processing, communicating, diffusing and sharing of information for social, economical 

and cultural upliftment. As per above experts ICT definitions we have come to notice the importance of ICT. 

Today there is no one field were ICT is not used, that’s why the use of ICT is very important in B.Ed. 

Education. Shivaji University revised the B.Ed. syllabus as per guidelines of UGC, NCTE Curriculum Draft. This 

revised B.Ed. syllabus introduced academic year 2014-2015. The present research is consist in B.Ed. revised 

syllabus related to ICT concept where and how is used. 

KEYWORDS: ICT, Teacher Education, B.Ed. Syllabus. 

 

 

INTRODUCTION  

I remember one story about ICT in my childhood . I will tell you in short. The one girl & she has step 

mother. She always works with cattle and always eats bread of jawari. But she used to cry during the work 

with cattle at that time the airplane of God Shankar & Parwati just passing , Parwati listens the sound of the 

girls crying . The airplanes to minimize her sorrows (There is no airport). The lord  Shankar listens her 

sorrows& tells one solution to her. That to clean the area of with the help of cows gobar and pin up the one 

needle and close the eyes .By closing the eyes and demand wish your will complete. 
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 AS per the oral instruction of lord Shankar. The sorrow girl demand the wish of some food. But I 

come notice that what I listened in my childhood the short story , old story. It has came in real truth. The 

whole world is come near because of internet due to this the new concept emerged the ‘up to second’ by 

going to up to date. Now there is need to create up to second knowledge, to create various skills ,the 

competencies to learning and teaching in B.Ed. students who will gain the degree of B.Ed. through the teacher 

education training. For that in revised B.Ed. syllabus consist the study of How? And where ICT consist. 

  

OBJECTIVE OF THE STUDY  

 To study the critically study of ICT including in revised B.Ed. Syllabus. 

 

SCOPE & LIMITATIONS OF THE STUDY 

1. The conclusions of the present research will be useful for B.Ed. trainee teachers. 

2. The present research will be useful for teachers who teaching in B.Ed. college. 

3. The conclusions of the present research will be useful for Board of Study (BOS) in Education. 

4. The present research limited for Shivaji University revised B.Ed. syllabus 2014. 

5. The present research limited for  ICT Subject. 

 

ASSUMPTION: In B.Ed. syllabus ICT consist. 

 

RESEARCH METHOD 

The present research is related to present  situation that’s why survey method is used for present 

research. 

 

CONCLUSION 

1. 54.55% objectives are related to ICT subject out of general objectives of revised B.Ed. syllabus. 

2. 40.00% objectives out of objectives in paper EDU 504 Section I Learning Resources are related to ICT 

subject. 

3. In the theory 8.33% weightage  given to the ICT subject. 

4. In the practical work there is compulsion to take ICT lesson for each method in of revised B.Ed. 

syllabus. 

5. In the practical 3.67 % weightage  given to the ICT subject practical. 

 

RECOMMENDATIONS 

1. As per importance and need of ICT subject it is necessary to give weightage in theoretical and 

practical work. 
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2. In future relation of ICT among student technical use of ICT needs to increase  weightage in B.Ed. 

syllabus. Example – Technique of developing Self Learning Material (SLM) include in B.Ed. syllabus. 

How does proper use of Whats App in educational work & services of ICT want to flexibility in use of 

that tools that is mostly want to include in B.Ed. syllabus. 

3. There is completion to complete MS-CIT course in B.Ed. training for student teacher of B.Ed. 

 

CLOSER 

 So, computer is the soul of ICT, there is unlimited capacity in computer and thus student teacher 

needs to use of computer in B.Ed. course. 

 So, This information will be conduct in today’s syllabus and wants to grow the scope of ICT. 

 

REFERENCES 

Shivaji University Revised B.Ed. Syllabus introduction from June (2014).  
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ABSTRACT 

 Learning Management Systems (LMSs) can offer a great variety of channels and workspaces to 

facilitate information sharing and communication among participants in a course. They let educators 

distribute information to students, produce content material, prepare assignments and tests, engage in 

discussions, manage distance classes and enable collaborative learning with forums, chats, file storage areas, 

news services, etc. These e-learning systems accumulate a vast amount of information which is very valuable 

for analyzing students behavior and could create a gold mine of educational data .They can record any 

student activities involved, such as reading, writing, taking tests, performing various tasks, and even 

communicating with peers. Association rule mining is one of the data mining techniques that discover the 

relationship among attributes in databases of web based education system and Learning Management 

System. The purpose of this paper is the knowledge discovery that can help educators to support their 

students by managing effectively educational units, redesigning student’s activities and finally improving the 

learning outcome. In this paper we present the Knowledge Discovery in Databases (KDD) process which 

includes the application of Apriori algorithm for the association rule mining from the educational data. 

KEYWORDS:  Association rule, Learning Management System (LMS), Data mining, knowledge discovery. 

 

INTRODUCTION 

Learning Management Systems (LMSs) can offer a great variety of channels and workspaces to 

facilitate information sharing and communication among participants in a course. They let educators 

mailto:patilradhika4@rediffmail.com
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distribute information to students, produce content material, prepare assignments and tests, engage in 

discussions, manage distance classes and enable collaborative learning with forums, chats, file storage areas, 

news services, etc. Some examples of commercial systems are Blackboard [1], WebCT [2] and Top-Class [3] 

while some examples of free systems are Moodle [4], Ilias [5] and Claroline [6]. One of the most commonly 

used is Moodle (modular object oriented developmental learning environment), a free learning management 

system enabling the creation of powerful, flexible and engaging online courses and experiences.  

These e-learning systems accumulate a vast amount of information which is very valuable for 

analyzing student’s behavior and could create a gold mine of educational data [7]. They can record any 

student activities involved, such as reading, writing, taking tests, performing various tasks, and even 

communicating with peers. They normally also provide a database that stores all the system’s information: 

personal information about the users (profile), academic results and users’ interaction data. However, due to 

the vast quantities of data these systems can generate daily, it is very difficult to manage data analysis 

manually. Instructors and 2 course authors demand tools to assist them in this task, preferably on a continual 

basis. Although some platforms offer some reporting tools, it becomes hard for a tutor to extract useful 

information when there are a great number of students [8]. The current LMSs do not provide specific tools 

allowing educators to thoroughly track and assess all learners’ activities while evaluating the structure and 

contents of the course and its effectiveness for the learning process [9]. A very promising area for attaining 

this objective is the use of data mining. Data mining or knowledge discovery in databases (KDD) is the 

automatic extraction of implicit and interesting patterns from large data collections. Next to statistics and 

data visualization, there are many data mining techniques for analyzing the data. Some of the most useful 

data mining tasks and methods are clustering, classification and association rule mining. These methods 

uncover new, interesting and useful knowledge based on users’ usage data. In the last few years, researchers 

have begun to apply data mining methods to help instructors and administrators to improve e-learning 

systems [10]. 

          Association rules mining is one of the most well studied data mining tasks. It discovers relationships 

among attributes in databases, producing if-then statements concerning attribute values [11]. Association 

rule mining has been applied to web-based education systems from two points of view: 1) help professors to 

obtain detailed feedback of the e-learning process: e.g. finding out how the students learn on the web, to 

evaluate the students based on their navigation patterns, to classify the students into groups, to restructure 

the contents of the web site to personalize the courses; and 2) help students in their interaction with the e-

learning system: e.g., adaptation of the course according to the learner's progress, e.g., by recommending to 

them personalized learning paths based on the previous experiences of other similar students. 

Association Rule Problem  

      With the general example and introduction in last section, the formal statement of association rule 

mining problem was firstly stated by Agrawal et al. in 1993. Let I=I1, I2, · · · , Im be a set of m distinct 

attributes, T be transaction that contains a set of items such that T  I, D be a database with different 
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transaction records Ts. An association rule is an implication in the form of X Y, where X, Y  I are sets of 

items called itemsets, and   

X Y = ø. X is called antecedent while Y is called consequent; the rule means X implies Y. There are 

two important basic measures for association rules, support(s) and confidence(c). Since the database is large 

and users concern about only those frequently purchased items, usually thresholds of support and confidence 

are predefined by users to drop those rules that are not so interesting or useful. The two thresholds are called 

minimal support and minimal confidence respectively, additional constraints of interesting rules also can be 

specified by the users. The two basic parameters of Association Rule Mining (ARM) are: support and 

confidence.  

Support(s) of an association rule is defined as the percentage/fraction of records that contain X  Y to the 

total number of records in the database. The count for each item is increased by one every time the item is 

encountered in different transaction T in database D during the scanning process. It means the support count 

does not take the quantity of the item into account. For example in a transaction a customer buys three 

bottles of beers but we only increase the support count number of {beer} by one, in another word if a 

transaction contains a item then the support count of this item is increased by one. Support(s) is calculated by 

the following formula: 

                                                                                         

                                                                                                Support count of XY 

                                                 Support (XY) =  

        Total number of transaction in D 

 

          From the definition we can see, support of an item is a statistical significance of an association rule. 

Suppose the support of an item is 0.1%, it means only 0.1 percent of the transaction contains purchasing of 

this item. 

Confidence of an association rule is defined as the percentage/fraction of the number of transactions that 

contain X[Y to the total number of records that contain X, where if the percentage exceeds the threshold of 

confidence an interesting association rule X)Y can be generated.  

            

                                                                                     Support (XY) 

                                          Confidence(X/Y) = 

                                                                                      Support(X) 

 

         Confidence is a measure of strength of the association rules, suppose the confidence of the association 

rule X Y is 80%, it means that 80% of the transactions that contain X also contain Y together, similarly to 

ensure the interestingness of the rules specified minimum confidence is also pre-defined by users. 

 

The association rule mining process in LMS 
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        The general KDD process [12] has the next steps: collecting data, preprocessing, applying the actual 

data mining tasks and post-processing. We particularize these steps for association rule mining in the LMS 

domain. 

 Collecting data. Most of the current LMSs do not store logs as text files. Instead, they normally use a 

relational database that stores all the systems information: personal information of the users (profile), 

academic results, the user’s interaction data, etc.Databases are more powerful, flexible and bug-prone than 

the typically textual log files for gathering detailed access and high level usage Drawbacks and solutions of 

applying association rule mining [13] information from all the services available in the LMS. The LMSs keep 

detailed logs of all activities that students perform. Not only every click that students make for navigational 

purposes (low level information) is stored, but also test scores, elapsed time, etc. (high level information). 

 Data pre-processing. Most of the traditional data pre-processing tasks, such as data cleaning, user 

identification, session identification, transaction identification, data transformation and enrichment, data 

integration and data reduction are not necessary in LMS. Data pre-processing of LMS data is simpler due to 

the fact that most LMS store the data for analysis purposes, in contrast to the typically observational 

datasets in data mining, that were generated to support the operational setting and not for analysis in the 

first place. LMSs also employ a database and user authentication (password protection) which allows 

identifying the users in the logs. Some typical tasks of the data preparation phase are: data discretization 

(numerical values are transformed to categorical values), derivation of new attributes and selection of 

attributes (new attributes are created from the existed ones and only a subset of relevant attributes are 

chosen), creating summarization tables (these tables integrate all the desired information to be mined at an 

appropriate level, e.g. student), transforming the data format (to format required by the used data mining 

algorithms or frameworks). 

 

 Applying the mining algorithms. In this step it is necessary: 1) to choose he specific association 

rule mining algorithm and implementation; 2) to configure the parameters of the algorithm, such as support 

and confidence threshold and others; 3) to identify which table or data file will be used for the mining; 4) 

and to specify some other restrictions, such as the maximum number of items and what specific attributes 

can be present in the antecedent or consequent of the discovered rules. 

 

 Data post-processing. The obtained results or rules are interpreted, evaluated and used by the 

teacher for further actions. The final objective is to putting the results into use. Teachers use the discovered 

information (in form of if-then rules) for making decisions about the students and the LMS activities of the 

course in order to improve the students’ learning. So, data mining algorithms have to express the output in a 

comprehensible format by e.g., using standardized e-learning metadata. It is important to notice that 

traditional educational data sets are normally small [12] if we compare them to databases used in other data 

mining fields such as ecommerce applications that involve thousands of clients. This is due to the fact that the 

typical size of one classroom is often only between 10-100 students, depending on the type of the course 
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(elementary, primary, adult, higher, tertiary, academic and special education). In the distance learning setting, 

the class size is usually larger, and it is also possible to pool data from several years or from several similar 

courses. Furthermore, the total number of instances or transactions can be quite large depending on how 

much information the LMS stores about the interaction of each student with the system. In this way, the 

number of available instances is much higher than the number of students. And, as we have said previously, 

educational data has also one advantage compared to several other domains [12]: the data sets are usually 

very clean, i.e., the values are correct and do not contain any noise from measuring devices. 

      There are specific problems related to the application of association rule mining from e-learning data. 

When trying to solve these problems, one should consider the purpose of the association models and the data 

they come from. Nowadays, normally, data mining tools are designed more for power and flexibility than for 

simplicity. Most of the current data mining tools are too complex for educators to use and their features go 

well beyond the scope of what an educator might require. As a result, the courses administrator is more likely 

to apply data mining techniques in order to produce reports for instructors who then use these reports to 

make decisions about how to improve the student’s learning and the online courses. However, it is most 

desirable that teachers participate directly in the iterative mining process in order to obtain more valuable 

rules. But normally, teachers only use the feedback provided by the obtained rules to make decisions about 

modification to improve the course, detect activities or students with problems, etc. 

 

Association rule mining algorithms 

         Association rule mining algorithms need to be configured before to be executed. So, the user has to give 

appropriate values for the parameters in advance (often leading to too many or too few rules) in order to 

obtain a good number of rules. A comparative study between the main algorithms that are currently used to 

discover association rules can be found in [14]: Apriori [15], FP-Growth [16], MagnumOpus [17], Closet [18]. 

Most of these algorithms require the user to set two thresholds, the minimal support and the minimal 

confidence, and find all the rules that exceed the thresholds specified by the user. Therefore, the user must 

possess a certain amount of expertise in order to find the right settings for support and confidence to obtain 

the best rules.One possible solution to this problem can be to use a parameter-free algorithm or with less 

parameters. For example, the Weka [19] package implements an Apriori type algorithm that solves this 

problem partially. This algorithm reduces iteratively the minimum support, by a factor delta support (Δs) 

introduced by the user, until a minimum support is reached or a required number of rules (NR) has been 

generated. 

           Another improved version of the Apriori algorithm is the Predictive Apriori algorithm [20], which 

automatically resolves the problem of balance between these two parameters, maximizing the probability of 

making an accurate prediction for the data set. In order to achieve this, a parameter called the exact expected 

predictive accuracy is defined and calculated using the Bayesian method, which provides information about 

the accuracy of the rule found. In this way the user only has to specify the maximal number or rules to 

discover. In [21] experimental tests were performed on a Moodle course by comparing the two previous 



EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 188 
 

algorithms. The final results demonstrated better performance for Predictive Apriori than Apriori-type 

algorithm using the Δs factor. 

Apriori algorithm 

Apriori is a great improvement in the history of association rule mining, Apriori algorithm was first proposed 

by Agrawal .The AIS is just a straightforward approach that requires many passes over the database, 

generating many candidate itemsets and storing counters of each candidate while most of them turn out to be 

not frequent. Apriori is more effcient during the candidate generation process for two reasons; Apriori 

employs different candidates generation method and a new pruning technique. 

 

 

 

 

 

 

 

 

             (b)L1 

                  (a) C1                                                                              (c) C2 

 

 

 

 

                          (e)C3 

 

 

       (d)L2           Tables I. Apriori mining process 

 

       There are two processes to find out all the large itemsets from the database in Apriori algorithm. 

First the candidate itemsets are generated, then the database is scanned to check the actual support count of 

the corresponding itemsets. During the first scanning of the database the support count of each item is 

calculated and the large 1-itemsets are generated by pruning those itemsets whose supports are below the 

pre-defined threshold as shown in Table I(a) and (b). In each pass only those candidate itemsets that include 

the same specified number of items are generated and checked. The candidate k-itemsets are generated after 

the (k-1)th passes over the database by joining the frequent k-1-itemsets. All the candidate k-itemsets are 

pruned by check their sub (k-1)-itemsets, if any of its sub (k-1)-itemsets is not in the list of frequent (k-1)-

itemsets, this k-itemsets candidate is pruned out because it has no hope to be frequent according the Apriori 

property. The Apriori property says that every sub (k-1)-itemsets of the frequent k-itemsets must be 

Items Count number 

I1 7 

I2 8 

I3 6 

I4 2 

I5 3 

I6 1 

Large 1 Items 

I1 

I2 

I3 

I5 

Items Count number 

I1,I2 5 

I1,I3 4 

I1,I5 3 

I2,I3 4 

I2,I5 3 

I3,I5 1 

Large 2 Items 

I1,I2 

I1,I5 

I2,I5 

I2,I3 

I1,I3 

Items Count number 

I1,I2,I5 3 

I1,I2,I3 2 
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frequent. Let us take the generation of candidate 3-itemsets as an example. First all the candidate itemsets are 

generated by joining frequent 2-itemsets, which include (I1, I2, I5), 

(I1, I2, I3), (I2, I3, I5), (I1, I3, I5). Those itemsets are then checked for their sub itemsets, since (I3, I5) is not 

frequent 2-itemsets, the last two 3-itemsets are eliminated from the list of candidate 3-itemsets as shown in 

Table I(e). All those processes are executed iteratively to find all frequent itemsets until the candidates 

itemsets or the frequent itemsets become empty. 

          In the process of finding frequent itemsets, Apriori avoids the effort wastage of counting the 

candidate itemsets that are known to be infrequent. The candidates are generated by joining among the 

frequent itemsets level-wise, also candidate are pruned according the Apriori property. As a result the 

number of remaining candidate itemsets ready for further support checking becomes much smaller, which 

dramatically reduces the computation, I/O cost and memory requirement. Table I shows the process of 

Apriori algorithm. 

 

The Apriori Algorithm 

• Join Step: Ck is generated by joining Lk-1with itself 

• Prune Step:  Any (k-1)-itemset that is not frequent cannot be a subset of a frequent k-itemset  

• Pseudo-code: 

 

Ck: Candidate itemset of size k 

Lk : frequent itemset of size k 

L1 = {frequent items}; 

for (k = 1; Lk !=; k++) do begin  

     Ck+1 = candidates generated from Lk; 

    

 for each transaction t in database do 

       increment the count of all candidates in Ck+1 that are contained in t  

    Lk+1 = candidates in Ck+1 with min_support  

    end  

return k Lk; 

 

CONCLUSION 

Helps the instructors to design courses more effectively, detect anomalies, inspire and direct further 

research, and help students use resources more efficiently. An advantage of this developing approach is its 

broad functionality in many data mining application domains. Specifically, it allows for contrast rule 

discovery with very low minimum support, therefore permitting the mining of possibly interesting rules that 

otherwise would go unnoticed. More measurements tend to permit discovery of higher coverage rules. A 
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combination of measurements should be employed to find out whether this approach for finding more 

interesting rules can be improved. 
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ABSTRACT 

Recently most used optimization technique in Operations Research is Data Envelope Analysis (DEA), 

i.e. whole data stored in one envelope and check the relative efficiency of data. DEA is non-parametric test. It 

is a mathematical model which measures the relative efficiency of decision units with multiple input and 

outputs. The six ranking techniques of DEA which are mostly used in Banking, Hospitals, Higher Educations, 

and Insurance etc.  So in this paper discussion is made on Data Envelope Analysis and review of six ranking 

area of DEA. 

KEYWORDS:  Data Envelope Analysis, Models, Ranking Techniques. 

 

INTRODUCTION 

Data Envelope Analysis is most powerful optimization techniques in operations research.   Data 

envelope analysis (DEA) first introduce by Chrnes, cooper and Rhodes (1978) to assess the relative efficiency 

of organizational units with multiple inputs to produce  multiple outputs. DEA is non-parametric methods as 

it does not require any assumption about functional forms (e.g. a regression equation, a prediction functions 

etc.).The statistical process are based on central tendencies, DAE is process of extremities. DEA analyse each 

DMU (Decision making units) separately and calculate a maximum performance measure for each unit. These 

DEA applications have used DMUs of various forms to evaluate the performance of entities, such as hospitals, 

US Air Force wings, universities, cities, courts, business firms, and others, including the performance of 

countries, regions, etc. Because it requires very few assumptions, DEA has also opened up possibilities for use 

in cases which have been resistant to other approaches because of the complex (often unknown) nature of the 
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relations between the multiple inputs and multiple outputs involved in DMUs. 

Since 1978 several research work on DEA, first Charnes (1978) describe DEA as a mathematical 

programming model applied to observational data which provide a new way of obtaining empirical estimates 

of extreme relations  such as production possibility surface that are a cornerstone of modern economics. 

These three researcher (Chrnes, cooper and Rhodes (1978)) first develop the CCR model. CCR model can be 

input or output oriented. The choice of input and output oriented model depends on properties of decision 

making units (DMUs) in production process. The next model of DEA is Banker, Charnes, and Cooper (BCC) 

model was developed in 1984 by Banker. The BCC model is based on scale variation. Again Charnes (1982) 

develop the multiplicative model in which the data are transformed using logarithmic structure as well as 

additive model was also developed by him in 1985, in which the slack variable add in objective function. 

These reviews describe the six ranking techniques of DEA and many paper published all ranking 

techniques in different purpose. These methods are classified by several criteria are not entirely mutually 

exclusive. The first discussion made on cross efficiency techniques was developed by Sexton (1986), the 

super-efficiency ranking techniques introduced Anderson and Petersen(1993), the most important and large 

use Benchmark ranking techniques was develop by Torgensen (1996),next the ranking with multivariate 

statistics in DEA context was introduce Fridman and Sinuany-Stern (1997) which also discuss in canonical 

correlation ranking analysis, linear discriminant and last discriminant analysis ratio for ranking. The ranking 

of inefficient decision making unit introduce Bardhan (1996) and last multi criteria decision making 

techniques introduce by Golany (1998). 

 

2. THE DATA ENVELOPE ANALYSIS MODEL 

DEA is a mathematical model that can measures the relative efficiency of decision making units with 

multiple inputs and outputs but no obvious production function to aggregate the data in entirely. Relative 

efficiency is defined as the ratio of total weighted output to total weighted input. By comparing n units with s 

outputs denoted by yrk ; r=1,……………s, and m input  denoted by xik ; i=1,……………m, the efficiency measure for 

DMU k is 

hk =max  
 𝑢𝑟  𝑦𝑟𝑘𝑠
𝑟=1

 𝑣𝑖  𝑥𝑖𝑘𝑚
𝑖=1

 

Where weights ur and vi are non-negative and also efficiency do not provide any unit which greater than 

one. This condition appear as follow: 

 𝑢𝑟  𝑦𝑟𝑘𝑠
𝑟=1

 𝑣𝑖  𝑥𝑖𝑘𝑚
𝑖=1

 ≤ 1           for j = 1……..…n 

The result of DEA is the determination of hyper planes that define an envelope surface. The all DMUs 

lies on envelope surface and deemed efficient. The DEA model transformed in to LPP: 

hk = max 𝑢𝑟 𝑦𝑟𝑘

𝑠

𝑟=1
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Subject to: 

 𝑣𝑖 𝑥𝑖𝑗 −  𝑢𝑟 𝑦𝑟𝑘𝑠
𝑟=1  ≥ 0 𝑚

𝑖=1      for   j=1,……n                     (1) 

 𝑣𝑖 𝑥𝑖𝑘 = 1

𝑚

𝑖=1

 

   ur≥ 0 , 𝑣𝑖 ≥ 0    for r = 1,……….s ; i= 1,………m 

This (1) model is called CCR model (Chrnes, cooper and Rhodes (1978)). The Banker (1984) develop BCC 

model to additional constant variable ck , the model (1) is given by : 

hk = max  𝑢𝑟 𝑦𝑟𝑘 +𝑠
𝑟=1 ck 

Subject to: 

 𝑣𝑖 𝑥𝑖𝑗 −  𝑢𝑟 𝑦𝑟𝑘𝑠
𝑟=1 − 𝑐𝑘 ≥ 0𝑚

𝑖=1   for j=1,………n           (2) 

 𝑣𝑖 𝑥𝑖𝑘 = 1

𝑚

𝑖=1

 

ur≥ 0 , 𝑣𝑖 ≥ 0    for r = 1,……….s ; i= 1,………m 

In CCR model input minimized or output maximize formulation are the same, but BCC model is output 

oriented.  

2.1 THE DUAL OF CCR MODEL 

In a DMUs proves to be inefficient, a combination of other efficient units can produce either greater 

output for the same composite input. A hypothetical decision making units kꞌ, can be composed as an 

aggregate of the efficient units, referred to as the efficient reference set for unit k. The solution of dual 

problem of LP is: 

Min fk 

Subject to: 

- 𝐿𝑘𝑗 𝑥𝑖𝑗 + 𝑓𝑘 𝑥𝑖𝑘 ≥ 0𝑛
𝑗=1    for i=1,…………m 

 𝐿𝑘𝑗 𝑦𝑟𝑗 ≥ 𝑦𝑟𝑘      𝑛
𝑗=1 for r = 1,……………..s                       (4)  

Lkj ≥ 0                          for j =1 ….n 

In this case all dual variable equal to zero except for Lkk and fk, which reflect the k unit efficiency, both 

of which will equal to one. 

2.2 THE SLACK VARIABLE-ADJUSTED CCR MODEL 

A weakly efficient DMU will now be evaluate as inefficient, due to the presence of input & output 

oriented slack Si & бr respectively. 

                    𝑀𝑖𝑛 𝑓𝑘−∈ [ 𝑠𝑖 +   𝜍𝑥]𝑠
𝑟=1

𝑚
𝑖=1        

Subject to: 

- 𝐿𝑘𝑗 𝑥𝑖𝑗 + 𝑓𝑘 𝑥𝑖𝑘 − 𝑠𝑖 = 0𝑛
𝑗=1    for i=1,…………m                       (4)  
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 𝐿𝑘𝑗 𝑦𝑟𝑗 − 𝜍𝑟 = 𝑦𝑟𝑘      𝑛
𝑗=1 for r = 1,……………..s  

Lkj, Si, бr ≥ 0                  for j=1,……………n    

2.3 Additive model 

Only one Slack variable (бr) utilize in objective function. This model is used in benchmarking 

approach and measure of inefficiency dominance develop. The additive model as follow: 

             𝑀𝑖𝑛 −   𝑆𝑖 −  𝜍𝑟𝑠
𝑟=1

𝑚
𝑖=1  

Subject to 

− 𝑛
𝑗=1 𝐿𝑘𝑗 𝑦𝑟𝑘 − 𝜍𝑟 = −𝑋𝑖𝑘         for i =1,………….m 

 𝐿𝑘𝑗 𝑦𝑟𝑘 − 𝜍𝑟 = 𝑦𝑟𝑘𝑛
𝑗=1                 for   r = 1,…………s 

Lkj, Si, бr ≥ 0                             for   j = 1,………….n 

In order to avoid large variability in the weights for all DEA models. 

 

3 RANKING TECHNIQUES OF DEA MODEL 

3.1 CROSS – EFFICIENCY RANKING METHODS 

         This ranking was first developed by sexton (1986). The cross efficiency simply calculate the 

efficiency score of each DMU n times, given as equation. 

                   hk = 
 𝑢𝑟𝑘  𝑦𝑟𝑗𝑠
𝑟=1

 𝑣𝑖𝑘  𝑥𝑖𝑗𝑚
𝑖=1

       ; k = 1,………n  j=1,……..n 

The hkj represent the score given to unit j in the DEA run of unit k that is unit j evaluated by the 

weights of unit k. In cross efficiency ranking technique DMUs are both self and peer evaluated. Drawback of 

this technique evaluation subsequently loses its connection to the multiplier weights. 

3.2 SUPER EFFICIENCY RANKING TECHNIQUE 

         Anderson and Peterson (1993) developed a new procedure for ranking efficient units. The 

methodology enables an extreme efficient unit K to achieve an efficiency score greater than one by removing 

the Kth constraint in the primal formulation as follow: 

                hk = max 𝑢𝑟 𝑦𝑟𝑘𝑠
𝑟=1  

Subject to: 

 𝑣𝑖 𝑥𝑖𝑗 −  𝑢𝑟 𝑦𝑟𝑘𝑠
𝑟=1  ≥ 0 𝑚

𝑖=1      for   j=1,……n” 

 𝑣𝑖 𝑥𝑖𝑘 = 1

𝑚

𝑖=1

 

𝑢𝑟 ≥∈ , 𝑣𝑖 ≥∈ 𝑖   for r = 1,…………s ,I =1,………m 

            Several researcher describe the concept, published paper have used this approach. The super-

efficient methodology can give “specialized” DMUs an excessively high ranking. To avoid this problem, 

Sueyoshi (1999) introduced specific bounds on the weight in a super-efficient ranking model. 
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Thrall (1996) used the model to identify extreme efficient DMUs and noted that the super efficiency 

CCR model may be infeasible. Also Zhu (1996), Dula and Hickman (1997) and Seiford and Zhu (1999) prove 

under which condition various super efficiency DEA model are infeasible. 

 

3.3 BENCHMARK RANKING METHOD 

Torgersen (1996) achieved a complete ranking of efficient DMUs by measuring their importance as a 

benchmark for inefficient DMUs.  The benchmarking measure is evaluated in a two stage procedure, one is 

additive model used to evaluate the value of slack variables. In second stage, model is applied to all decision 

making units. In order to rank the efficient DMUs and evaluate which are of particular importance to the 

industry.  

3.4 RANKING WITH MULTIVARIATE STATISTICS IN THE DEA CONTEXT 

This technique suggested by Friedman and Sinuany-Stern (1997). In this method present three 

ranking procedure (Canonical correlation, Linear discriminant and discriminant analysis of ratio for ranking) 

based on multi- variate statistical analyse using common weights. DEA is a non-parametric test, Mann-

Whitney are utilized throughout to verify the compatibility between the rank and the dichotomic 

classification. 

3.5 RANKING OF INEFFICIENT DECISION MAKING UNITS 

Majority techniques discussed on efficient ranking DMUs not attempt to inefficient ranking DMUs. 

The benchmarking and super-efficient ranking technique attempts the efficient and inefficient ranking DMUs 

identified in standard DEA model respectively. 

The inefficient concept, derived in Bardhan (1996) attempts to rank inefficient unit’s using a measure 

of inefficiency Dominance (MID). The Measure is based on slack adjusted DEA model. 

3.6 DEA AND MULTI CRITERIA DECISION MAKING METHODS 

 The MCDM techniques was entirely separate from DEA research until 1988, Golany (1988) combine the 

technique, multiple objective linear programming and DEA. Golany (1988), Kornbluth (1991), Thonnussoulis 

and Dyson (1992), Golany and Roll (1994), Zhu (1996) and Halme (1999) these researcher describe the 

information through DEA model. 

 

CONCLUSION 

The field of data envelope analysis has grown several researcher in different filed in different 

purpose such as DEA model use in efficient as well as inefficient DMUs. In this review, the DEA have been 

divided the six general techniques. The first techniques is crossing-efficient ranking techniques in which 

evaluate DMUs through both self and peer pressure. The second techniques is super-efficient in which the 

efficient units can receive. The third and most useful technique is benchmarking, in this method a DMUs is 

highly ranked if it is chosen as a useful target for many other DMUs. The fourth group of paper develop a 

connection between multivariate statistics and DEA. This method include canonical correlation analysis and 
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discriminant analysis are used. Also in non-parametric test showed a strong correlation between final 

ranking and the original DEA dichotomous classification. The Fifth section decision the ranking inefficient 

unit in which a measure of inefficiency dominance ranks the inefficient units according to their average 

proportional inefficiency in all inputs and outputs. In last techniques crosses multi-criteria   decision making 

model with DEA, these concept used additional, preferential information in order to aid the ranking process. 

All techniques used in several field like Cross-efficiency has been applied in many areas of manufacturing, 

including engineering design, flexible manufacturing systems, Industrial robotics and business process re-

engineering etc. It has also been used heavily in project and R&D portfolio selection. Super-efficiency has 

been applied in a wide range of papers from financial institutions and industry to public regulation, education 

and healthcare. Benchmarking has been used extensively in the field of utilities, industry and agricultural 

productivity. The statistical techniques have been applied to universities and industry and MCDA/DEA to 

agriculture and oil. Clearly, these methodologies have a wide-ranging applicability in many areas of both the 

public and private sectors. 
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ABSTRACT 

 Steganography is a technique of hiding information in digital media. In image steganography, image 

is used to embed secret message. The focus in this paper is on the different methods of image Steganography 

and their capacity to hide information and robustness. The main purpose of image steganography is produce 

less distortion in image and increase payload capacity. Finding secure region in image will produce less 

distortion in image. One of the secure region in image to embed data is skin tone region. 

KEYWORDS:  Steganography, Overview, Skin tone detection, Data Hiding. 

 

INTRODUCTION 

Now a day’s Internet becomes most important media for communication. Security also important 

while communicating through internet. Steganography is one of the technique to send confidential data 

securely on receiver side. Steganography is technique of hiding data behind other media. Media can be text, 

image, audio, video. In steganography data is hide behind other media so it will not attract intruder’s 

attention.  

 In ancient Greece, people wrote messages on wood, and then covered it with wax upon which an 

innocent covering message was written. Herodotus tells the story of message tattooed on the shaved head of 

the slave of histiaesus, when hair grows, salve is sent to the receiver side where message read after shaving 

head again. During World War II; the French resistance used invisible ink to send secrete message. 
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Depending upon cover object there are various types of Steganography like Text Steganography, 

Image Steganography, Audio Steganography,Video Steganography, Protocol Steganography. This paper focus 

on image steganography only. 

 

IMAGE STEGANOGRAPHY 

 In image steganography, image is used as cover object. Generally in this technique pixel intensities 

are used to hide the information. 

 Image steganography techniques can be divided into following domains.  

1. Spatial Domain Methods:  

There are many versions of spatial steganography, all directly change some bits in the image pixel values 

in hiding data. Least significant bit (LSB)-based steganography is one of the simplest techniques that hides a 

secret message in the LSBs of pixel values without introducing many perceptible distortions. Changes in the 

value of the LSB are imperceptible for human eyes. 

2. Transform Domain Technique:  

This is a more complex way of hiding information in an image. Transform domain techniques have an 

advantage over spatial domain techniques as they hide information in areas of the image that are less 

exposed to compression, cropping, and image processing. Some transform domain techniques do not seem 

dependent on the image format and they may outrun lossless and lossy format conversions. 

 

STEGANOGRAPHY IN ROI 

Improving the security of steganographic algorithms also includes decreasing the amount of 

distortion produced by the embedding algorithm. One way of distortion minimization is finding region of 

interest(ROI). Region of Interests (ROI) where the embedding will cause minimum distortion. One such object 

is human skin-tone. In ROI data  can be embedded at the place i.e. in pixels whose contribution is less to the 

human skin-tone. From literature survey it is found that those are G,B color plane from RGB color plane of the 

image. Hence by embedding data in pixels which contributes less to the ROI will decrease distortion in 

essence increases security. Data can be embedded by reducing the pixel space which gives the embedding 

efficiency which can be done by using ROI from an image. 

Skin region is not much sensitive to HVS (Human Visual System). So instate of embedding data 

anywhere in image, it will be embedded in skin tone region of image. Skin tone region can be detected using 

HVS(Hue, Saturation, Value) color space. 

DWT is the frequency domain in which this biometric steganography is implemented. Haar DWT can be 

used for this purpose. A 2 dimensional Haar DWT consists of two operations: One is the horizontal operation 

and the other is the vertical one. Detailed procedures of a 2D Haar DWT are described as follows: 

At first, scan the pixels from left to right in horizontal direction. Then, perform the addition and 

subtraction operations on neighboring pixels. Store the sum on the left and the difference on the right. Repeat 
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this operation until all the rows are processed. The pixel sums represent the low frequency part (denoted as 

symbol L) while the pixel differences represent the high frequency part of the original image (denoted as 

symbol H) 

Secondly, scan the pixels from top to bottom in vertical direction. Perform the addition and subtraction 

operations on neighboring pixels and then store the sum on the top and the difference on the bottom. Repeat 

this operation until all the columns are processed. Finally we will obtain 4 sub-bands denoted as LL, HL, LH, 

and HH respectively. The LL sub-band is the low frequency portion and hence looks very similar to the 

original image. The whole procedure which has been described above is called the first-order 2-D Haar-DWT.  

Before performing all embedding process cropping on input image is performed and then in only 

cropped region data hiding is performed, not in whole image. Cropped region works as a key at decoding side 

so cropping results into more security. Cropping provides enough security. Embedding process affects only 

certain regions of Interest (ROI) rather than the entire image. It is needed to embed in the skin pixel region of 

HH subband by calculating the payload. payload is calculated .ie number of skin pixels find in the high 

frequency subband is calculated . 

 

PEAK SIGNAL TO NOISE RATIO (PSNR) 

Performance measurement for image distortion is well known as peak signal to noise ratio (PSNR) 

which is classified under the difference distortion metrics can be applied on stego images. We use Peak signal 

to noise ratio (PSNR) to evaluate quality of stego image after embedding the secret message. This is basically 

a performance metric and use to determine perceptual transparency of the stego image with respect to cover 

image. It is measured in terms of decibel(db).Higher the PSNR higher the quality of the image(which means 

there is a little difference between cover image and stego image)..Quality of the image is more when it is 

greater than 40db and less when PSNR is 30db or low.ie PSNR is measured in terms of MSE(Mean Square 

Error).Thus performance can be measured. PSNR is defined by using the following equation. 

 

CONCLUSION 

This paper reviewed the main Steganography techniques. Every technique has there advantage and 

disadvantage. Payload capacity of LSB method is high but robustness is less. In case of skin tone based 

steganography, we crop skin tone region of image and only in that part we will embed data, so it decreases 

payload capacity. But skin tone based steganography is more secure than other techniques.   
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ABSTRACT 

Smartphone’s could replace dedicated hardware for the deployment of on – board units in vehicles. 

Today smartphone’s and Electronic Control Units (ECU’s)  have comparable processing power, and 

smartphone’s users are steadily increasing in number, making this kind of device a prime choice for any 

vehicular application. The real difference between them is the amount of data coning from the vehicle’s ECU’s.  

It is quite interesting to investigate the potential of name a “connected vehicle”, i.e. a vehicle where a 

smartphone is able to receive some data from the On Board Diagnostic (OBD) diagnostic interface and plays a 

key role in providing services to their users in many different Intelligent Transport Systems (ITS) scenarios. 

KEYWORDS:  Smartphone’s, Vehicles, Interface between them. 

 

INTRODUCTION 

Modern vehicles can be connected to the road infrastructure to receive warnings and to receive 

services. Nowadays several applications of Intelligent Transport System (ITS) are deployed over new 

vehicles, in order to increase the information available, on road and on board, to drivers and passengers. This 

system is based on main two devices:                            

                                                     1. Smartphone  

                                                     2. Connected Vehicles 
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1. Smartphone:  

             Nowadays Smartphone’s are ubiquitous, can provide Vehicle to Infrastructure (V2I), as well as Vehicle 

to Vehicle (V2V) communication, do not add any cost to car owners and so that porting applications from one 

platform to the others is feasible and cheap. During the last few years the market share of smartphone’s grew 

significantly and it is still keeping growing, many cellular operators are now offering Internet access via 

smartphone’s at very competitive costs, and their cost – to – performance ratio is constantly decreasing. At 

the same time, smartphone’s are constantly increasing their connection capabilities, which now include, 

among many others, WiFi – Direct, which allows direct communication when their distance is in the order of a 

few tens of meters. 

           This opens the way to the use of smartphone’s for V2V communication even without a cellular network, 

at least when the relative speed of the cars is some km/h. The main important thing is that, the continuous 

improvement of cellular networks, that can now provide high speed data communications with lower packet 

latencies, makes it possible to consider them for safety related services such as collision warning, as well as 

for infotainment, such as music streaming, and for intelligent mobility, such as real time public transportation 

assistance and ride – on – demand. 

2. Connected Vehicles: 

          The term, ‘Connected vehicle’ i.e. vehicle where a smartphone is able to retrieve some data from the OBD 

or directly from the Bluetooth and providing services to their users. Many services simply use a smartphone 

with GPS, this system is usually referred as On Board Unit (OBD) and communicates with other dedicated 

devices placed on the side of road. Then the system analyze  the ridesharing service which aims to reduce the 

pollution due to urban traffic by increasing the occupancy rate of cars. 

           The connected vehicle architecture is based on a smartphone, a low cost OBD analyzer connected to the 

Smartphone’s via Bluetooth  and a server to collect and distribute information from and to the vehicles. 

The system look like , 

                              Figure 1. Block diagram of the system 

 

                                                        Connect via Bluetooth / Wi-Fi 

                                  

                                                                                

 

Driver 

 

Passenger  

 

Connected 
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THE SYSTEM ARCHITECTURE 

The system architecture defines the description of the components required to define the connected 

vehicle architecture, which gives a platform to read some information from vehicle, to send them to 

centralized system, and to receive from this latter the information related to neighboring vehicles.  

We consider the system architecture with the help of Data collection from vehicles, Network 

Connectivity, The Connected vehicle, Localization Accuracy. 

1. Data collection from vehicles: 

           All vehicles today available on the market have, a number of built – in electronic boxes known as 

Electronic Control Units (ECU) to offer safety, comfort and entrainment services to driver and passengers. 

Each ECU uses a microcontroller that gets data from the vehicle through a set of sensors and processes them 

to control one or more functions of the vehicle. ECU’s are interconnected by a network, which in most cases is 

the Controller Area Network (CAN) bus, so that it is possible to implement complex functions for dynamic 

control, safety and diagnostics of the vehicle involving several ECU’s. It is worth to point out that the set of 

messages on the vehicle bus or buses is proprietary, but in all vehicles there is a standardized plug for On 

Board Diagnostic (OBD) that allows external devices to communicate with the vehicle ECU’s using a standard 

protocol.  

           The data retrievable form the OBD change car model by car model. These data can be read using an OBD 

analyser, it is a low cost, small size, Bluetooth – enabled analyser easily available in the market. It can retrieve 

some information from the vehicle, sending a request to the vehicle ECU’s and getting back one or more 

responses. Each request is coded using a specific on – board diagnostics Parameter Id (PID), and ECU in the 

vehicle which has the requested info available sends back a response, so that there can be multiple responses 

to a single request.  

           The system responds to at least three PIDs : Monitor Status (which includes also the malfunction 

indicator status), Engine Speed (in revolutions per minute i.e. rpm) and Vehicle Speed (in km/h). 

2.   Network Connectivity: 

            The OBD analyser is a simple slave device which is fully controlled via Bluetooth by another, more 

powerful device, in this system is Smartphone. Upon receiving for the smartphone the command asking for 

the retrieval of the data related to a particular PID, the analyser performs all the operations on the OBD and 

sends back to the smartphones the received data. The system only used smartphones with Android, because –  

     1. It is the market leader with some 70% of smartphones. 

     2. Its Bluetooth interface is fully open, recent smartphones also have a Wi – Fi interface, in many cases 

able to work in Direct mode. 

Along with the Bluetooth interface short range communication is possible and a GPS receiver used 

for localization. Internet access is supported via LTE (Long Term Evolution) for enabling high speed, low 

latency data transmissions. Here, LTE is used because; it is a standard for wireless communication and it is 
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used for high speed data for mobile phones and data terminals. It is based on GSM. With the help of LTE 

capacity and speed of the system increases as well as it support the network technology. 

3. The Connected vehicle : 

             The communication among vehicles (via OBD) and Internet (through the smartphone) gives the 

opportunity to define a new “class” of vehicles : what we call a Connected Vehicle. 

 

Figure 2. The connected vehicle 

 

 

4.   Localization Accuracy: 

           A critical task for this system is the correct localization of users, being them vehicle’s driver or a 

pedestrian. The desired localization accuracy is some meters, but this can only be achieved by high end GPS 

receivers and only under some conditions e.g. high number of visible satellites, good satellite distribution, 

negligible multipath propagation etc. As a first step to verify the accuracy of the localization service in an 

Android. Within cities, the signal reception from satellites can be impaired by buildings, multipath is frequent, 

noise is high, hence the easiest way to asset the localization accuracy is to use an application able to record 

the GPS coordinates and check them later on. Then compared recorded locations with actual location using 

Google Maps : 

 

Figure 3. Google Map 
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REFERENCE SCENARIOS 

New innovative services can be offered to both drivers and passengers in an urban mobility context 

when vehicles and pedestrians are connected to the Internet. 

1. Services for Safety: 

Safety on roads is a critical problem to address. A connected vehicle can interact with other vehicles 

and/or infrastructures installed at the roadside trying to prevent crashes or providing assistance to drivers 

or to pedestrians. 

A critical parameter is the latency, driver should be able to react to a hypothetical drawback in few 

seconds and possibly in less than a single second. Before the introduction of LTE, in the best case the average 

network latency was in the order of hundreds of milliseconds. Now, the LTE low latency to spread 

information to others vehicles in a few tens of milliseconds. 

2. Services for Infotainment : 

Infotainment is "information-based media content or programming that also includes 

entertainment content in an effort to enhance popularity with audiences and consumers."  This is interesting 

family of services is associated to the on board entertainment, in particular audio and video for driver and 

passengers. 

            A modern vehicle radio commonly provides at least a USB port for the playback of MP3 files. Music 

playback feature is also available in all smartphones, and in many recent vehicles a smartphone can be 

connected via Bluetooth to the car audio, not only for hands – free phones calls, but for listening to the music 

stored in the smartphones or received from the Internet. 

            The driver can control the smartphones with remote controls usually placed on the steering wheel, and 

can see some information coming from the phone on the dashboard display. 

3. Real Time ridesharing service : 

           Existing ride – sharing services require their users to plan their ride at least one day in advance, or 

when the service gives a fast response such as for, there require a heavy interaction between the driver and 

the smartphone to respond to ride request.        

 

OVERVIEW OF THE SERVICE 

In this approach, using the data coming from the vehicle along with GPS, data available in the 

smartphone and its processing power, it is possible to automatically identify the route and the destination of 

the vehicle, since most drivers commute from home to workplace or periodic drive to the same place. 

Android application is prototype of real – time ridesharing service. The operation starts when a 

passenger requests a lift for a destination, then the system looks for driver which can bring the passenger to 

that destination and upon receiving a confirmation from one of them communicates the matching to 

requesting passenger, asking for a final confirmation. 
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The selection of a suitable driver is driven by the needs (departure times, point of departure, point of 

arrival etc) and preferences (smoking/nonsmoking, gender, age, feedback from previous passengers) of the 

passenger. 

The passenger use different payment methods. Some provide an automatic payment system, while in 

some others passenger is supposed to directly pay the driver. The check – in points : The points where the 

driver picks the passenger up and check – out points : The points where the passenger gets off the car. The 

passenger, map with the possible check – in points nearby and the possible check – out points near the 

destination. 

The passenger first selects the check – out point and then the check – in point, so that the application 

can suggest the passenger the check – in with the highest probability to get a ride in a short time. The main 

important thing is that the acceptance of a ride from an unknown driver can lead to some undesired 

situations i.e. passenger does not like tobacco, smoking and driver is heavily smoker. 

The solution is borrowed from e – commerce platforms such as e – Bay, Amazon, and many others. 

Drivers and passengers should create their profile before using the service, and must send a feedback at the 

end of each ride to update the rating of the other user with whom they should shared the ride. 

 

OVERVIEW OF THE APPLICATION 

The system is made up of two components –  

            A server – which provides human readable information with an multimodal transport system. 

            A  client  –  with an Android mobile device. 

 

Step 1  : User have logged in first. 

Step 2 : Enter his destination and taps on the icon representative of his role either driver or passenger. 

Step 3 : Select proper path with the help of case 

Case I – Map shown a preview of the path the passenger has to follow in order to get a ride. Below the 

map, a simple check button allows him to indicate that journey as a usual one, so that the system can save 

user habits and make the already cited predictions.  

            Case II – The possible check – out points near its destination are shown. As said, the user can select one 

out of these check – out points through simple gestures on the screen. Next, user can select the check – in 

points too and, what is more, every check – in points reports the number of vehicles passing nearby which, on 

the basis of their journey, can be potential companions for the user. 

Step 4 : Once they approved each other the app moves to back ground again. From this   

point  summary screen provides even the counterpart data together with the user  

data. 
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Step 5 : When the system detects that the driver has arrived near the passenger, a random PIN is sent to the 

passenger, and he is asked to tell it to the driver in order to let this later one insert the PIN into a textbox on 

the smartphone. 

Step 6 : If PIN inserted by the driver and that sent to the passenger are equals, then the  

check – in phase is considered successfully completed. 

Step 7 : The driver and passenger travel together to the check – out point and once they are near such point, a 

request for confirmation is sent to the passenger. Upon confirmation of the arrival a simple popup will ask 

each user to evaluate the counterpart. 

 

CONCLUSION 

Today’s world is more advanced and with this advancement safety of human beings become a big 

question, specially women’s. So this system will provide safety for all. It is based on ITS. It is possible to build 

a platform for ITS (Intelligent Transport System) services. ITS services are used because they are based on 

low cost, easy to deploy devices connected to existing cellular network. 
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ABSTRACT 

 In this paper discusses the various improvements in the field of data mining from past to the present 

and explores the future trends. Also the requirements and challenges of DM, and describes major DM 

techniques such as statistics, artificial intelligence, decision tree approach, genetic algorithm and visulation. 

Data and Information or Knowledge has a significant role on human activities. Data mining is the knowledge 

discovery process by analyzing the large volumes of data from various perspectives and summarizing it into 

useful information. Due to the importance of extracting knowledge/information from the large data 

repositories, data mining has become an essential component in various fields of human life. To extract 

hidden predictive information from large volumes of data, data mining (DM) techniques are needed. 

KEYWORDS:  Genetic Algorithm, Artificial Intelligence ,Knowledge Discovery Of Database 

 

INTRODUCTION 

The technologies for generating and collecting data have been developing fatly. Today’s lack of data is 

not a problem, but to generate useful information from data is a difficult. The explosive growth in data and 

database results in the need to develop new technologies and tools to process data into useful information 

and knowledge intelligently and automatically.  

Data mining refers to the mining or discovery of new information of patterns or rules from large 

amounts of data. It is the process of extracting previously not known valid & actionable information from 

large data and then using the information so derived to make crucial business and strategic decisions. 

Approaches to Data mining problems 
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 Discovery of sequential patterns 

 Discovery of patterns in time series 

 Discovery of classification rules 

 Neural network 

 Genetic algorithm 

 Clustering and segmentation 

It is a part of the knowledge discovery process in database (KDD) . KDD process comprises six 

phases: - data mining, the reporting and display of the discovered information. 

 

CURRENT TRENDS IN DATA MINING 

     The field of data mining has been growing due to its enormous success in terms of broad ranging 

application achievements and scientific progress, understanding. So its application have been successfully 

implemented in various field like health care , finance , retail , telecommunication , fraud detection etc. 

     The ever increasing complexities in various fields and improvements in technology have passed new 

challenges to data mining. The various challenges include different data formats, data from different 

locations, network resource, research and scientific field etc. 

     Currently data warehousing is one of the most important research areas related to data mining. 

     A data warehouse is read-only database developed for analyzing business situations and supporting 

decision makers. 

 

REQUIREMENTS AND CHALLENGES OF DATA MINING 

It is a relatively new field so during extracting useful information from data many challenges to  be faced . 

Following are some requirement and challenges of data mining. 

a) Ability to handle different types of data:-  

Many database system have complex data types like hypertext, multimedia data  and spatial data. It is 

impractical to expect a data mining technique to handle all kinds of data and to perform different goals of data 

mining. 

b) Valuable Data mining  Results:- 

      It should be able to handle noise and exceptional data efficiently. The discovered information must 

precisely depict the contents of the database and be useful for certain application. 

c) Representation Of Data mining request and results:- 

    Data mining identifies facts with the help of sifting through the data to discover patterns. For effectiveness 

the system should allow users to discover information from their own perspectives and the information 

should be presented to the users informs that are easy to understand. 
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d) Analyze information from different sources of data:-  

     It is challenges in data mining to analyze information from heterogeneous database like Internet, Intranets 

,Extranets to a new data formats. 

e) Protection Of privacy and data security:-  

    Data mining give warning to keep data secured and protecting against the privacy during analyzing data 

from many different angles. 

 

GOALS OF DATA MINING AND KNOWELDGE DISCOVERY 

1. Prediction :-  

     Data mining can show how certain attributes within the data will behave in the future by analyzing the 

data. Example: Analyze buying transaction to predict what customer will buy under certain discounts. 

2.  Identification :-  

        Data patterns helpful to identify the existence of an item, an event  or an activity or some new patterns of 

customer behavior. 

 Example:- In biological application existence of a gene may be identified by certain sequences of nucleotide 

symbols in the DNA sequence. 

3. Classification :-  

       Data mining can partition the data so that diff classes or categories can be identified based on 

combinations of parameters to find a clever say to display the data. 

4. Optimization:-  

       The important goal of data mining may be to optimize the use of limited resources like time, space, money 

and to maximize output variables such as sales or profit under given set of constraints . 

The scientific approaches change from companies to companies and researchers to researchers. 

 

CLASSIFYING ANALYZING DATA MINING TECHNIQUES 

      Different analyzing techniques and systems have been designed. These techniques can be based on the 

database. 

a) Based On database:-   

There are different system that are used in organization, like relational database, transaction database, object 

oriented database etc.  A data mining system can be classified based on the type of data base it is designed for. 

 Example: It is a relational data mining system if the system discovers from relational database. 

b) Based On Knowledge : 

Data mining can discover various types of knowledge, including association rules, characteristic rules, 

Classification rules and deviation analysis. 

         The knowledge may be classified into general knowledge, primitive, legal knowledge and multiple level 

knowledge . 
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      c)      Based On Techniques:-  

Data mining system can also be categorized by the techniques used in it . It can be classified according to its 

underlying mining approach , such as generalization based on mining , pattern based mining , statistical or 

mathematical based mining and integrated approaches. 

 

ANALYZING TECHNIQUE 

          In this we review and discuss the some data analyzing techniques. 

I. Statistics:   

          Statistics is an essential component in data selection, sampling, data mining and extracted knowledge 

evaluation. It is used to evaluate the results of data mining to separate the good from the bad. During 

analyzing statistics provide the techniques to detect “Outliers”, to smooth data when necessary , and to 

estimate noise , statistics can also deal with missing data using estimation techniques. 

II. Artificial Intelligence techniques:  

                 AI techniques are widely used in data mining. Techniques such as pattern recognition machine 

learning, and neural networks have received much attention. Other techniques in AI such as knowledge 

acquisition, knowledge representation, and search , are relevant to the  various process steps in data mining. 

                 Classification is the process of dividing a data set into mutually exclusive groups such that the 

members of each group are nearly close to one other. The classification problem is solved using neural 

network –based data mining  approach. 

It consists of three steps: 

1. Network construction and training:  

    In this step, a layered neural network based on the number of attributes, number of classes, and selecting 

input coding method are trained and constructed. 

2. Networking Pruning: 

   In this step, redundant links and units are removed without increasing the classification error rate of the 

network. 

3. Rule extraction :  

    Classification rules are extracted in this phase. 

I. Genetic algorithm:   

It is a relatively new software paradigm inspired by Darwin’s theory of evolution. A population of rules, each 

representing a possible solution to a problem , is initially developed randomly. Then pairs of rules are 

combined to produce offspring for the next generation. A mutation process is used to randomly modify the 

genetic structure of some members of each new generation. Mining large data sets by genetic algorithms has 

become practical only recently due to the availability of high speed computers. 
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CONCLUSION 

Provide the right information at the right time is crucial for making the right decision. The difficulty to collect 

data, which used to be a major concern for most organizations,  is almost resolved . Industry surveys show 

that most companies believe that data mining would be a critical factor for business success in recent year. 

Surely Data mining will be one of the main competitive focuses of organization. 
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ABSTRACT 

              With the advancement of world wide web, the internet E-Commerce has also been advancing for 

the last few years. Mobile Computing is effective delivery of E-Commerce into the consumer’s hand, 

anywhere, using wireless technology. This advanced technology has the power to transform the mobile phone 

into a ‘mobile wallet’. Mobile Computing facing many issues and challenges in their business like lack of 

resources, security problems, lower product cycle time and high implementation cost etc. But still, mobile 

computing is handy tool in the hands of consumers, it provides facilities like mobile banking, online trading, 

cloud computing, alert messaging system and data transfer etc. The present paper focuses on the benefits and 

applications that can be serve by mobile computing and their issues and challenges that e-commerce faced. 

KEY WORDS: E-commerce, Mobile computing, Wireless Networks. 

 

INTRODUCTION 

The phrase mobile commerce was originally coined in 1997 by Kevin Duffey at the launch of the 

Global Mobile Commerce Forum, to mean "the delivery of electronic commerce capabilities directly into the 

consumer’s hand, anywhere, via wireless technology."Many choose to think of Mobile Commerce as meaning 

"a retail outlet in your customer’s pocket." 

While  electronic  commerce  (e-commerce)  continues  to  impact  the  global  business environment  

profoundly,  technologies  and  applications  are  beginning  to  focus  more  on  mobile computing and the 
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wireless Web. With this trend comes a new set of issues specifically related to mobile  e-commerce.  Mobile 

computing provides feasibility in e-commerce as the size, cost and power requirements of equipments goes 

down. It increases network accessibility and scope of communication so that the business environment may 

become clearer and interaction among people can be increased. The  purpose  of  this  paper  is  to  examine  

some  of  these  issues  so  that researchers, developers, and managers have a starting point for focusing their 

efforts in this new domain. 

 

DEFINITIONS:  

Mobile  e-commerce  (also  called  mobile  commerce  or  m-commerce)  is  defined  as  all activities  

related  to  a  (potential)  commercial  transaction  conducted  through  communications networks that 

interface with wireless (or mobile) devices.  

       Mobile  Devices  are  those  devices  that  are  used  to  connect    to the   mobile  services.  

 Current wireless devices include   

 Wireless phones,   

 wWireless-enabled  handheld  computers  (so-called  pocket,  palmtop,  and  tablet computers),   

 Vehicle-mounted technologies, and   

 Personal message pager devices.   

 Mobile e-commerce can also be conducted using portable non-wireless mobile devices, such as   

 Laptop computers   

 that  can  interface  with  other  devices  and  networks  through  wired  synchronization,  often  using 

wired cradles or infrared “beaming.”  

 

MOBILE COMPUTING 

      Mobile computing as a generic term describing ability to use the technology to wirelessly connect to 

and use centrally located information and/or application software through the application of small, portable, 

and wireless computing and communication devices.  Mobile computing also named as nomadic, ubiquitous 

,wireless and remote computing. 

 

A. NETWORK TECHNOLOGIES 

In general all the mobile protocols are very similar to each other, being client-server based, enabling a 

continuously increasing amount of services to be provided to the users. Although the protocols are very 

similar to each other but still the variety of protocols is introducing some challenges to the adoption of wide 

spread M-Commerce. This is because it is more difficult to get a certain critical mass of subscribers to use a 

universal technology to enable frictionless service providing. The future will show which 
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of the following protocols is going to deliver the strongest commercial value at any point in time and will 

be supported by the largest number of attractive applications. 

1. GSM: 

GSM (Global System for Mobile communications) is an open, digital cellular technology used for 

transmitting mobile voice and data services. 

GSM supports voice calls and data transfer speeds of up to 9.6 kbps, together with the transmission of 

SMS (Short Message Service). 

GSM operates in the 900MHz and 1.8GHz bands in Europe and the 1.9GHz and 850MHz bands in the US. 

GSM services are also transmitted via 850MHz spectrum in Australia, Canada and many Latin American 

countries. The use of harmonised spectrum across most of the globe, combined with GSM’s international 

roaming capability, allows travellers to access the same mobile services at home and abroad. GSM enables 

individuals to be reached via the same mobile number in up to 219 countries. 

Terrestrial GSM networks now cover more than 90% of the world’s population. GSM satellite roaming has 

also extended service access to areas where terrestrial coverage is not available. 

2. GPRS: 

General Packet Radio System is also known as GPRS is a third-generation step toward internet access. 

GPRS is also known as GSM-IP that is a Global-System Mobile Communications Internet Protocol as it keeps 

the users of this system online, allows to make voice calls, and access internet on-the-go. Even Time-Division 

Multiple Access (TDMA) users benefit from this system as it provides packet radio access. 

GPRS also permits the network operators to execute an Internet Protocol (IP) based core architecture for 

integrated voice and data applications that will continue to be used and expanded for 3G services. 

GPRS supersedes the wired connections, as this system has simplified access to the packet data networks 

like the internet. The packet radio principle is employed by GPRS to transport user data packets in a structure 

way between GSM mobile stations and external packet data networks. These packets can be directly routed to 

the packet switched networks from the GPRS mobile stations. 

3. 4G/UMTS: 

Fourth-Generation universal mobile telecommunications system, often abbreviated 4GUMTS, is a 

wireless telecommunications data transfer standard. Though there are a number of devices that claim to use 

4G UMTS, the original standards set by the International Telecommunication Network are not yet met by 

these devices. 4G UMTS uses many of the same devices and much of the same infrastructure as Third-

Generation UMTS (3G UMTS). 

UMTS, sometimes referred to as wideband code division multiple access (WCDMA), uses Internet 

protocol (IP) technology to connect wireless users with the Internet. First developed in the 1990s, UMTS is a 

reliable network that is frequently used to transmit data and voice. Mobile phones, laptop computers and 

other devices can connect to the Internet and make voice calls over a UMTS system. 

Though not yet in wide use as of 2011, 4G UMTS calls for significant speed increases over the UMTS 

standard, which has been used since 2001. 3G UMTS requires that data be transferred at a peak rate of at 

http://www.wisegeek.com/what-is-the-difference-between-umts-and-edge.htm
http://www.wisegeek.com/what-is-3g.htm
http://www.wisegeek.com/what-is-wcdma.htm
http://www.wisegeek.com/what-is-3g-umts.htm
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least 200 kilobytes per second. In 4G UMTS, data must download at a rate of 100 megabytes per second in 

mobile devices and at 1 gigabyte per second for electronics connected to a local wireless access hub. Both 3G 

UMTS and 4G UMTS require the simultaneous transfer of voice and data, which was a requirement first 

established during the switch from second generation to third protocol. 3G UMTS and 4G UMTS can both 

transfer information using the same infrastructure. 

 

B. Service technologies 

1. WAP: 

[WAP is] the de facto worldwide standard for providing Internet communications and advanced 

telephony services on digital mobile phones, pagers, personal digital assistants, and other wireless terminals -

WAP Forum. 

WAP stands for Wireless Application Protocol. Per the dictionary definition for each of these words we 

have: 

Wireless: Lacking or not requiring a wire or wires pertaining to radio transmission. 

Application: A computer program or piece of computer software that is designed to do a specific task. 

Protocol: A set of technical rules about how information should be transmitted and received using 

computers. 

WAP is the set of rules governing the transmission and reception of data by computer applications on or 

via wireless devices like mobile phones. WAP allows wireless devices to view specifically designed pages 

from the Internet using only plain text and very simple black-and-white pictures. 

WAP is a standardized technology for cross-platform, distributed computing very similar to the Internet's 

combination of Hypertext Markup Language (HTML) and Hypertext Transfer Protocol (HTTP), except that it 

is optimized for: 

Low-display capability, low-memory, low-bandwidth devices, such as personal digital assistants 

(PDAs), wireless phones, and pagers. 

WAP is designed to scale across a broad range of wireless networks like GSM, IS-95, IS-136, and PDC. 

 

2. J2ME: 

Java Platform, Micro Edition (Java ME) provides a robust, flexible environment for applications 

running on mobile and embedded devices: mobile phones, set-top boxes, Blu-ray Disc players, digital media 

devices, M2M modules, printers and more. 

Java ME technology was originally created in order to deal with the constraints associated with 

building applications for small devices. For this purpose Oracle defined the basics for Java ME technology to 

fit such a limited environment and make it possible to create Java applications running on small devices with 

limited memory, display and power capacity. 

 

http://www.wisegeek.com/what-is-a-download.htm
http://www.oracle.com/technetwork/java/javame/
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3. I-MODE: 

The imode is the NTT DoCoMo‟s new Internet access system. It is an advanced intelligent messaging 

service for digital mobile phones and other mobile terminals that will allow you to see Internet content in 

special text format on special imode-enabled mobile phones. Enabling information access from handheld 

devices requires a deep understanding of both technical and market issues that are unique to the wireless 

environment. The imode specification was developed by the industry‟s best minds to address these issues. 

Wireless devices represent the ultimate constrained computing device with limited CPU, memory and battery 

life and a simple user interface. Wireless networks are constrained by low bandwidth, high latency and 

unpredictable availability and stability. The imode specification addresses these issues by using the best of 

existing standards and developing new extensions when needed. The imode solution leverages the 

tremendous investment in web servers, web development tools, web programmers and web applications 

while solving the unique problems associated with the wireless domain. The specification ensures that this 

solution is fast, reliable and secure. The imode specification is developed and supported by the wireless 

telecommunication community so that the entire industry and its subscribers can benefit from a single, open 

specification. 

 

4. Light Efficient Access Protocol (LEAP): 

LEAP is a wireless access protocol developed by FreeProtocols.org as an open-source response to 

WAP. LEAP utilizes Efficient Short Remote Operations (ESRO) as the foundation transport layer for its 

messaging. In LEAP creation, LEAP developers attempted to minimize number of packets required for 

message delivery and the number of bytes per each packet. The rational behind this effort is the fewer 

packets are transmitted, the longer is the wireless device battery life, the more is the network capacity, the 

cheaper the network usage, and less latency is experienced by users of the wireless devices. 

 

ISSUES IN MOBILE COMMERCE 

INPUT AND OUTPUT: 

Too many devices, too much choice: 

Smartphone adoption has gone stratospheric; led by the innovative iPhone and now being 

spearheaded by Android devices, it seems almost everyone has one. However, mass adoption leads to 

confusion, and for retailers this introduces problems. The classic dilemma is the app versus mobile site issue. 

 

Coping with small screen: 

             The biggest limitation, but one that can be partially addressed, is screen size. The antidote to 

the limited real estate is to use a much smaller image, sharper messaging requiring less text, and more pages 

so that more information can be gleaned if the customer requires. 
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For example, Amazon has clearly done a lot of research with their mobile site. The core approach to 

its offering is centred around the core belief that browsers generally don’t know what they want when 

landing on the site. This deep understanding of its customer base has driven its design.  

 

Safety and Security  

The most important element when we are dealing with M-commerce is security issues and how we 

can make it safe for customers to feel comfortable when using mobile phones, so in order to attract as many 

customers we need to insure the quality of the security level provided. M-commerce is not possible without a 

secure environment, especially for those transactions involving monetary value. Therefore, there are three 

main areas related to security: 

 1. Security issues related to network technologies GSM provides a relatively secure connection thorough 

the PIN (Personal Identification Number) when turning on the handset. An authentication protocol between 

handset and the network thorough SSL encryption of voice and data is also there in GSM. But it is not enough 

to convince people. In order to get the confidence of critical mass of consumers, more is expected in the field 

of security. M-commerce applications, especially those involving payment need to be secured to assure 

customers. For example, in a payment scenario both sides will want to authenticate each other before 

committing to a payment. Also, the customer will want assurance about the delivery of goods or services. In 

addition to the authenticity, confidentiality and integrity of sent payment information, non-repudiation is 

important.  

2. Security issues related to radio interface Access to a telecommunication network requires the 

protection of transmitted data in terms of confidentiality, integrity, and authenticity. In particular, the user’s 

data should be protected from eavesdropping. Different security mechanisms for different mobile network 

technologies like 2G, 3G,4G. 

 

CHALLENGES IN MOBILE COMPUTING 

Mobile computing presents the following challenges. 

Wireless communications:  

Wireless links are qualitatively different than wireline links - the bandwidth, latency, variability, and 

reliability of wireline links all pale in comparison to wireline links. Rapid changes in quality imply the need 

for highly adaptive applications that can possibly even support disconnected operation, implying a level of 

autonomy. Wireless links are less secure. 

Mobility:  

Address migration (eg. mobile-IP) is required; common solutions include selective broadcast, 

centralized name services, forwarding pointers, and home-base. Because of mobility, location dependent 

information can exist - resource discovery, privacy, and the migration of locality become import issues. 

Portability:  
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Portable computers face physical challenges (volume, weight, power consumption, cost), pragmatic 

challenges (increased chance of data loss, small user-interface issues), and systems issues (network 

integration, resource imbalance such as lack of local storage, impoverished computational power) 

Power: 

Mobile platforms spend much of their time attached to AC power. At those times they are like other 

desktops. When a mobile platform is operating on batteries (DC power) or even when the platform is asleep 

on battery power, it is essential to minimize DC power use. 

Security in a Wireless Environment: 

Wireless traffic requires additional protection beyond that used on a standard wired LAN. 

Unauthorized platforms may attempt access to a wireless network, and wireless traffic is subject to 

interception by unauthorized platforms. To eliminate these problems: 

•A wireless network access point must verify the identity of a device attempting to connect to it and 

validate that the device is authorized to connect to the network. 

•The traffic must be protected from prying by unauthorized targets that can pick up the wireless 

transmission. 

 

CONCLUSION 

Today's computing has rapidly grown from being confined to a single location. With mobile computing, 

people can work from the comfort of any location they wish to as long as the connection and the security 

concerns are properly factored. In the same light, the presence of high speed connections has also promoted 

the use of mobile computing. 

Being an ever growing and emerging technology, mobile computing will continue to be a core service in 

computing and Information Communication and Technology. 
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ABSTRACT 

 A partition of a positive integer or integer partition is a way of writing n as a sum of positive integers. 

A number may be represented in different permutation of its summands or parts with same order. We can 

observe these partition graphically with different diagrams like Young diagram (polyomino) containing 

Young tableaux, Ferrers diagram. Normal magic square of order n is also partition of 
n n2+1 

2
, n ≥ 3. In this 

paper we are going to discuss concept, order of partition, partition matrix, square partition matrix and 

relation between determinant of square partition matrix. 

KEYWORDS:  Permutation, Young Diagram, polyomino, Young tableaux, Ferrers diagram, Magic matrix. 

 

INTRODUCTION 

In number theory and combinatorics, a partition of a positive integer n, also called an integer 

partition, is a way of writing n as a sum of positive integers. Two sums that differ only in the order of 

their summands are considered the same partition. (If order matters, the sum becomes a composition.) 

Integer partitions may be encoded as either ascending or descending compositions for the purposes of 

systematic generation. Many algorithms exist to generate all ascending compositions, to generate all 

ascending compositions. The ascending composition generation algorithm is substantially more efficient than 

its descending composition counterpart.  
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Partitions of 5 are,                         5 = 1 + 1 + 1 + 1 + 1 

 = 1 + 1 + 1 + 2 

 = 1 + 1 + 3 = 1 + 2 + 2 

 = 1 + 4 = 2 + 3 

= 5  

which contains 1- unary, 2- binary, 2- ternary, 1-quinary, 1-quintal partition.  

 

PARTITION MATRIX 

Representation of compositions in either 1x1, 2x2, 3x3,… , nxn matrix is called as partition matrix of a 

given number. 

Partition matrices of 5 are, 

 5 , 

 
0 5
1 4

 ,  
0 5
2 3

 ,  
1 4
2 3

 , 

 
0 0 5
0 1 4
1 1 3

 ,  
0 0 5
0 2 3
1 1 3

 ,  
0 1 4
0 2 3
1 1 3

 ,  
0 0 5
0 1 4
1 2 2

 ,  
0 0 5
0 2 3
1 2 2

 ,  
0 1 4
0 2 3
1 2 2

 ,  
0 0 5
1 1 3
1 2 2

 ,  
0 1 4
1 1 3
1 2 2

 ,  
0 2 3
1 1 3
1 2 2

 , 

 

0 0 0 5
0 0 1 4
0 1 1 3
1 1 1 2

 ,  

0 0 0 5
0 0 2 3
0 1 1 3
1 1 1 2

 ,  

0 0 1 4
0 0 2 3
0 1 1 3
1 1 1 2

  , 

 

0 0 0 5
0 0 1 4
0 1 2 2
1 1 1 2

 ,  

0 0 0 5
0 0 2 3
0 1 2 2
1 1 1 2

 ,  

0 0 1 4
0 0 2 3
0 1 2 2
1 1 1 2

  , 

 

0 0 0 5
0 1 1 3
0 1 2 2
1 1 1 2

 ,  

0 0 1 4
0 1 1 3
0 1 2 2
1 1 1 2

 ,  

0 0 2 3
0 1 1 3
0 1 2 2
1 1 1 2

  ,

 
 
 
 
 
0 0 0 0 5
0 0 0 1 4
0 0 1 2 2
0 1 1 1 2
1 1 1 1 1 

 
 
 
 

 
 
 
 
 
0 0 0 2 3
0 0 1 1 3
0 0 1 2 2
0 1 1 1 2
1 1 1 1 1 

 
 
 
 

  

If we observe all above matrices then we can observe that sum of elements of row is obviously 5, and 

hence we can say that determinant of above matrices is multiple of 5. 

 

RESULTS 

Result 1: If for any 1 ≤ m ≤ n, determinant of partition matrix mxm is integer and divisible by n. 

Result 2: If for any 1 ≤ m ≤ n, for odd m, determinant of partition matrix mxm is, starts from 0 and reaches to  

maximum as difference between sum of columns of partition matrix decreases. 

Result 3: If for any 1 ≤ m ≤ n, for even m, determinant of partition matrix mxm is, starts from maximum and 

reaches to  0 as difference between sum of columns of partition matrix decreases. 
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ABSTRACT 

Indoor Air Pollution (IAP) produced by the traditional cook stoves is one of the greatest health 

threats to the rural women and children. The problem is more serious in the developing countries, since 

billons of peoples in rural areas of these countries rely on traditional fuels for cooking and room heating.  The 

conventionally improved cook stoves (ICS) lead primarily to fuel saving but serve limited purpose in reducing 

IAP. During the last decade or so, with increasing awareness of the severity of IAP, efforts have been directed 

towards developing stoves with higher combustion efficiency so as to reduce emissions while improving 

thermal efficiency. One of the promising concept in this context is biomass gasification. Small scale gasifiers 

suitable for household cooking are called Microgasifiers. In microgasifier stoves the gasification and gas 

combustion occur in the same chamber but in distinct regions. This paper presents the development of 

microgasifier stove design. The focus was to achieve the maximum possible fuel use efficiency, and minimum 

possible harmful emissions, while also ensuring user friendliness to the best extent possible. The two design 

was: Household cooking stove (fuel use efficiency: 24.00 % and average CO emissions over the operation 

period of 50 min: 7.2 ppm), The emission tests indicates very low emissions from both the stove, which is 

very promising factor for addressing the problem of health impact of IAP on rural women.   

KEYWORDS: improved cookstoves, microgasification, Indoor Air Pollution 

 

 

 

mailto:1sanjaybabar@gmail.com
mailto:2priyadarshini.karve@gmail.com


EMERGING TRENDS IN BASIC AND APPLIED SCIENCES  Page 224 
 

INTRODUCTION 

Biomass is a sustainable and carbon-neutral source of energy. Its inefficient use in household cooking 

results in wastage, Indoor Air Pollution (IAP) and related respiratory and other health problems. However, 

over the last decade or so, with increasing awareness of the severity of the IAP problem, there has been a 

conscious effort to develop stoves with higher combustion efficiency so as to reduce emissions while 

improving thermal efficiency. This has attracted attention of the researchers towards biomass gasifiers, 

which have been developed independently primarily for generation of industrial heat. Biomass gasification 

appears to have a significant potential in Asia for domestic cooking applications. [1] 

One of the gasification based processes with a great potential for household thermal application is 

what is termed as microgasification. In microgasifier stoves the gasification and gas burning are both 

occurring in the same chamber but in distinct regions. [2] The air flow control therefore becomes more 

challenging. The air supply should be such that just enough air is available to burn some of the solid fuel to 

create the high temperature required for the gasification of the rest of the fuel, while there is sufficient air 

(preferably preheated) available for mixing with the hot gas for combustion just under the cooking vessel. 

 This paper presents the results of the development of natural draft microgasifier stove design. The 

focus was to achieve the maximum possible fuel use efficiency, and minimum possible harmful emissions, 

while also ensuring user friendliness to the best extent possible.  

 

EXPERIMENTAL 

Initially Experimental model of a microgasifier was developed and its performance was studied in 

terms of fuel use efficiency and CO emission during the period of operation. The test protocols recommended 

by the School of Public Health, University of California, Berkeley, were used. [3,4].  

The most promising experimental stove design was analyzed using CFD simulation, to understand 

the factors critical for good thermal efficiency and low emissions. The software ‘STAR-CD’ vergen 3.2 (Make 

CD-ADAPO) was used for the CFD simulation. The analysis clearly indicated that the design features that led 

to better combustion (and therefore low emissions) also resulted in a reasonably good heat transfer from the 

stove to the cooking pot.  

Based on the results of these preliminary studies, the working models for cooking and water heating 

stove were developed, and tested.  

MICRO-GASIFIER STOVE 

The micro-gasifier having a fuel holding capacity of about 500 g was fabricated using an 18 gauge MS 

sheet, as shown in Figure 1. Photograph of the microgasifier is shown in Figure 2. 
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                            `     

 Fig 1: Schematic of Micro-Gasifier             Fig 2: Photograph of Micro-Gasifier  

For ensuring clean combustion, input air was provided through the holes at the bottom of the outside 

cylinder. The holes at the bottom of the fuel holder were provided for primary air to enter the fuel stack. The 

number, size and positions of the holes on the fuel holder were optimized using thermal efficiency and CO 

emission as the governing parameters.  

The combustible gas received preheated secondary air. This was the part of the air that passed 

through the air gap between the outer cylinder and the fuel holder, and emerged on the top of the fuel holder. 

Additional secondary air was provided through the holes drilled on the middle part of the stove body. This air 

was preheated by allowing it to pass through the short metal pipes inserted into the stove and automatically 

heated by the waste heat dissipated to the stove body.  

Proper mixing of the secondary air and the combustible gas was achieved by creating an obstacle in 

the form of a metal plate with a central circular opening. This served the dual purpose of creating turbulence 

in the flow of the gas-air mixture and also to direct the flames properly for better heat transfer to the cooking 

pot. Provision was made for addition of fuel into the fuel chamber, so as to be able to use the stove for longer 

periods without having to interrupt the cooking operation.  

 

EXPERIMENTAL RESULTS & DISCUSSION 

The main observations were as follows. 

1. The thermal Efficiency was 25.79%.  

2. Time for boiling 2.5 liter of water was 16 minutes. 

Figure 3 shows the variation of hot gas temperature and CO with time. During operation, when new 

fuel was added the hot gas temperature decreased and emissions increased. 
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Fig.3 Variation of Flame Temperature and CO concentration with time 

 

Hot gas temperature is a critical parameter which decides the efficiency and emissions from the 

stove. Throughout the major part of the duration of stove operation, hot gas temperature remained above 

5000C, while CO emission never exceeded 20 ppm. Both these factors have contributed to the high efficiency 

and fast boiling observed in this model. 

When new fuel was added into the stove the hot gas temperature dropped and CO emissions 

increased. During the addition of fuel, cold air entered in the stove. Also when the cold wood chips dropped 

into the fuel chamber, the temperature in the pyrolysis zone went down. When moisture from the newly 

added fuel went off, the hot gas temperature again increased and CO emission dropped off.  

Measurements of the temperature of the stove body at various locations showed that the location of 

maximum temperature shifted downwards as the fuel level decreased and the gasification zone moved 

downwards. Initially highest temperature was observed at 30 cm from the bottom of the fuel chamber. 

Towards the end of the stove operation the highest temperature was at 20 cm from the bottom of the fuel 

chamber. The average temperature near the bottom of the stove was 2250C. It remained low as the cold air 

entered from the bottom. 

 

RESULTS OF THE CFD SIMULATION OF THE STOVE 

For the simulation of the stove a quarter part of the model was used in symmetry. The meshed and CFD 

models are shown in Fig. 5. 

The basic assumptions of the CFD model were as follows. 

 Inlet temperature of Hot Gas: 480o C 

 Outlet pressure: 0  

 Compressible flow (density with respect to local temperature and pressure) 

 Buoyancy driven flow 

 Average gas temperature for 30 min run is 480 0C 

 Overall combustion efficiency is assumed 80%  
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 Stove body material is Cast Iron 

 Pot material is Aluminum 

 Mass of the fuel used for 30 min run of the stove is 0.5 kg 

 

Fig 4: Meshed model and CFD Model 

Values of constants & other parameters used in the analysis were as follows. 

Air to fuel ratio = 6:1; Combustion efficiency = 60% 

Mass flow rate, 
.

m  = 0.00029175 kg/s; Heat generation rate, H = 
.

m  Cp; T = 135.01 watt/s 

 

VELOCITY OF HOT GAS 

The velocity and type of flow of hot gas through the stove body and over the pot is a critical parameter in 

the design of the stove. The velocity plot is shown in Fig.6. 

The velocity of gas below the circular plate was low but when the gas passed the hole of the circular plate 

the velocity of gas increased to 0.5862 m/s and the air flow became turbulent. This shows that the circular 

plate performed the function that it was intended for. By speeding up the pyrolysis gas and also creating 

turbulence, it allowed the hot gas to mix properly with the incoming secondary air. This helped in proper 

combustion of the gas, leading to lowering of the CO emission. 

When the hot gas struck the bottom of the pot its velocity decreased. It was 0.2198 m/s, at the centre, but 

increased towards 0.8307 m/s at the periphery of the bottom of the pot. The direction of the flame was such 

that the hot gas moved along the surface of the cooking pot, with its velocity gradually increasing and 

becoming maximum at the upper edge of the pot. The nature of the flow of hot gases around the pot (always 

in contact with the pot surface) is well suited for efficient heat transfer to the pot. [4] 

One issue of concern is the observed rapid movement of air around the stove body. This clearly indicates 

that the heat radiated by the stove body increases the temperature of the surrounding area.  
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Fig 5: Velocity Plot 

 

TEMPERATURE PLOT 

The hot gas temperature is important parameter used in the analysis. The temperature plot is shown in 

Fig.7. Firstly, as the hot gas temperature is also experimentally measured, the theoretical value can be used as 

a test of reliability of the simulation model. The experimental value of the hot gas temperature (the average 

flame temperature is 4750C) measured under the cooking pot falls in the range deduced by the computational 

model.  

 

 

Fig.6: Temperature Plot 

 

The hot gas temperature is also indicative of efficiency of the stove, as high flame temperature in the 

pyrolysis gas - air mixture ensures clean combustion and high flame temperature at the bottom of the cooking 

pot increases the heat transfer. In general, the variations in the temperature of the hot gas around the cooking 

pot followed the same trend as the velocity plot, as expected. Both the velocity plot and temperature plot also 

indicate that if a skirt is used around the cooking pot, heat loss to the surrounding from the surface of the 

cooking pot can be reduced, and heat transfer efficiency can be further improved. 

The CFD simulation clearly indicates that the stove design that has been optimised for low emissions 

(and therefore good gasification and better combustion efficiency) also has reasonable heat transfer 
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efficiency. The analysis also demonstrates that CFD can be a useful tool in stove design optimisation. It is 

noteworthy that we have not used a simulation specifically developed for stove analysis, but have used a 

standard program available commercially for general fluid flow analysis.  

 

MICROGASIFIER FOR COOKING 

Based on the above study we have developed userfriendly model of a microgasifier stove for cooking 

purpose. The height of the stove is about 31.8 cm, which is suitable for Indian cooking practices. It is 

constructed in MS sheet and consists of two cylinders. The inner cylinder is the fuel holder and consists of 

small holes on its surface for providing the primary air. The outer cylinder provides support for the cooking 

pot. The gap between the two cylinders is useful for providing the preheated secondary air. The circular metal 

plate above the fuel holder is used for proper mixing of primary and secondary air. During the development 

of stove the dimensions of holes on the stove body and the air gap between the fuel holder and circular metal 

plate were decided based on the basis of actual analysis of the performance on the stove. The engineering 

drawing and photograph of the stove is shown in figure7 below. 

  

 

Figure 7: Engineering drawing and photograph of the microgasifier stove for cooking 

 

The flame temperature and CO concentration data for this stove are shown in Fig. 2. 

The microgasifier cook stove was developed on the basis of the laboratory performance. The 

performance is measured in terms of thermal efficiency and CO emissions. The main observations of the final 

model were as below. 

1. Time for boiling 2.5 liter of water = 14 min 

2. Thermal Efficiency = 24.00% (thermal efficiency of traditional cook stoves is around 10-15%). 
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Fig. 8 Variation of Flame Temperature & CO with Time 

 

CONCLUSIONS 

We developed a clean burning and efficient gasifier stove, using basic principles of micro gasifiers. We 

also explored the possibility of using CFD as a tool for understanding the stove performance.  

The stoves represent the contribution of physical sciences to combat a serious health threat faced by 

rural women in the developing world in general, and in India, in particular. More importantly, this can be 

achieved without shifting the rural households away from use of biomass fuels for the domestic cooking 

energy need. This aspect is important because use of biomass as domestic fuel can be renewable and 

sustainable, whereas, the so-called cleaner fuels like kerosene and LPG, being fossil fuels, are unsustainable.  
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ABSTRACT 

 Agricultural and industrial sector play important role in state as well as in country. Sugar cane is one 

of the good economical products of state. Sugar factories are most important in state economy. In these types 

of factories are used roller chain conveyers. Around 65% processes depends upon roller chain system. 

Actually problem in chain causes big loss of factories and relevant who depends upon sugar industry. It also 

affects growth of state. Failures are mostly happened by tension in chain and reason is mistake/ errors in 

design. Optimization of all parameters is necessary for obtaining best outcomes under given circumstances. 

Stress distribution of chain link studied by FEM (Finite element method).Overall design of chain conveyor 

system for best results. 

KEYWORDS:  Chain conveyor, stress distribution, FEM. 

 

INTRODUCTION 

Economy of state is dominated by agricultural as well as industrial sector. Sugar factories play 

important role in economy of state. About 60 percent processes in these factories are based on roller chain 

conveyers. Apart from that, other industries also use these chains frequently for process atomization. 

However, failure of this chain is perennial problem in these industries which causes huge losses to these 

industries along with its dependants and in turn economical growth of the state. So, roller chain is the most 

important element of the industrial processes. Fig. 1.1shows the typical roller chain link assembly. 

http://www.google.co.in/url?sa=t&rct=j&q=&esrc=s&source=web&cd=1&cad=rja&uact=8&ved=0CBwQFjAA&url=http%3A%2F%2Fwww.unipune.ac.in%2F&ei=g_n_VICHF-G1mwXev4DoCQ&usg=AFQjCNFT3-7Wk7w2Bd8yK39ONuGdrNheeA&sig2=i7aS53rJNgxhN5CJlUbzjQ&bvm=bv.87611401,d.dGY
http://www.google.co.in/url?sa=t&rct=j&q=&esrc=s&source=web&cd=1&cad=rja&uact=8&ved=0CBwQFjAA&url=http%3A%2F%2Fwww.unipune.ac.in%2F&ei=g_n_VICHF-G1mwXev4DoCQ&usg=AFQjCNFT3-7Wk7w2Bd8yK39ONuGdrNheeA&sig2=i7aS53rJNgxhN5CJlUbzjQ&bvm=bv.87611401,d.dGY
http://www.google.co.in/url?sa=t&rct=j&q=&esrc=s&source=web&cd=1&cad=rja&uact=8&ved=0CBwQFjAA&url=http%3A%2F%2Fwww.unipune.ac.in%2F&ei=g_n_VICHF-G1mwXev4DoCQ&usg=AFQjCNFT3-7Wk7w2Bd8yK39ONuGdrNheeA&sig2=i7aS53rJNgxhN5CJlUbzjQ&bvm=bv.87611401,d.dGY
mailto:kumarkolhe@gmail.com
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Fig. 1.1 Typical Roller Chain Link Assembly. 

Most of the time chain is under tension which causes failure of chain assembly which is the major 

problem for industrial sector. Causes of this failure are improper design. It is important to study the influence 

of these parameters. All these parameters can be considered simultaneously and chain link design optimally. 

Optimization is the process of obtaining the best result under given circumstances in design of system. In 

optimization process we can find the conditions that give the maximum and minimum value of function. 

 

OBJECTIVES 

 Design of Chain conveyor for given application. 

 Model of the Conveyor System in CATIA. 

 Development of finite element model using ANSYS software 

 Study of Stresses generated and redesign if required. 

 

LITERATURE SURVEY 

Tushar D. Bhoiteet. al.[1] studied into various application aspects and manufacturing aspects to 

formulate an idea of the system. Finally Finite Element Analysis (FEA) has been used to conduct shape 

optimization. Since lot of work has already been done in other components, in this work the focus has been 

narrowed down to specific component of outer link. 

M. Koray KESİKÇİet. al.[2] widely investigated in literature the theoretical differences and the 

superiorities of the techniques over each other. In the study, roller chains which are used as pulling and 

driving members of materials handling mechanisms are inspected. Stress analysis of a standard roller chain 

link is performed using both boundary and finite element methods. The mechanical behaviors of a standard 

roller chain which is loaded by the maximum allowed load are considered. Comparing the results of the both 

techniques with eachother and the results of literature, the appropriate method for the roller chain problem 

is proposed. 

Shoji NOGUCHI et. al. [3] suggest some approaches for reducing stresses and weight saving in the link 

plate of roller chain. Stresses are 3% higher in proposed design, but the weight reduced in 10%. Tensile tests 

are performed on link plates made of resin and the effectiveness of proposed model is confirmed. 

XU Lixinet. al. [4] developed a mathematical model to calculate the dynamic response of a roller chain 

drive working at constant or variable speed condition. In the model, the complete chain transmission with 

two sprockets and the necessary tight and slack spans is used.  
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V. Kerremanset. al. [5] studied various wear related things for chain conveyor, reasons as they are 

sometimes used in severe environments, soiled with water, foreign particles, chemicals or other 

contaminants. Normal use will result in wear of the components of the chain which can lead to unexpected 

failure and costly production downtime.  

 

DESIGN OF CHAIN CONVEYOR SYSTEM 

To enable the most suitable chain to be selected for a particular application it is necessary to know full 

application details such as the following: 

 Type of conveyor. 

 Conveyor centre distance and inclination from the horizontal. 

 Type of chain attachment, spacing and method of fixing to the chain. 

 Number of chains and chain speed. 

 Details of conveying attachments, e.g. weight of slats, buckets, etc. 

 Description of material carried, i.e. weight, size and quantity. 

 Method of feed and rate of delivery. 

As a general rule, for most applications a factor of safety of 8 is used, 

Working Load = Breaking Load/8 

A suitable type of chain has to be selected for horizontal slat conveyor: 

Transported material: Anthracite coal 

Conveyor length: 22.5 m 

Flow:  28 T/h 

Conveyor conduit width: 300 mm 

Conveyor conduit height: 280 mm 

Roller Diameter:  250 mm 

Number of chains: 1 

Number of teeth of the sprocket: 11 

Load distribution: even 

 

Fig. 4.1 Horizontal slat conveyor - Slide Guide way 
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4.1. Material flow Q 

Q = 28 T/h 

 

4.2. Chain velocity v 

We use the formula: Q = H. B .β. γ. v. 3600 

(T/h) 

v =  
Q

H. B . β. γ.  3600 
 

v =  
28

0.3 x 0.28  x 0.6. x 0.7 x 3600 
 

= 0.22 m/sec. 

Where, 

H= Conduit Height (m) 

B= Conduit width (m) 

β = conveyor repletion coefficient=0.5 to 0.6 

γ = specific weight of transported material 

(T/m3) = 0.7 (Ref. Table 8) 

4.3. Weight of transported material P1 

𝑃1 = 𝑎.  
𝑄

3.6 𝑣
 

𝑃1 = 22.5.  
28

3.6 x 0.22
 

      = 795.45 kg 

       = 7805 N 

Where, 

a = Conveyor length (m) = 22.5 m 

4.4. Selection of suitable chain 

Selected chain must resist the wt of transported material multiplied with safety coefficient (k= 8). 

Thus its break strength must be: 

FB= P1. k = 7805 x 8 = 62440 N 

Corresponding type of chain according to DIN 8167 (ISO 1977) is MRC 80 x 125. 

Selection of a conveyor chain 

4.5. Chain weight P 

The selected chain's weight per meter is q = 4 

kg/m; its pitch is p = 125 mm and the assumed 

number of teeth of the sprockets is Z = 11 

Total chain weight is: 

dt =
𝑝

 sin
180

𝑧

   

   = 
125

 sin
180

11

 

     = 443.68 mm  

     = 0.444 m  

L = 2 . a + Π.dt = 2 x 22.5 + Π x 0.444= 46.39 m   

(Chain length) 

P = L . q = 46.39 x 4 = 190 kg    (Chain Weight) 

4.6. Selection of friction coefficient fr 

The chain slides on steel guide way.  

The estimated reading of Table 2 is fr = 0.3. 

4.7. Correction coefficient for type of operationFs 

See Table 4: 

Load balance - centered load Fs = 1.0 

Load characteristics - small fluctuations Fs = 1.2 
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Frequency of start/stop under load Fs = 1.0 

Operating environment - medium dusty Fs = 1.2 

Work hours per day Fs = 1.2 

Total friction coefficient Fs = 1.728 

4.8. Determination of velocity correction coefficient Fv 

Chain velocity v = 0.22 m/sec. see Table 5; for Z = 11 the resulting value Fv = 0.9 

4.9. Friction coefficient fm 

The friction coefficient "fm" describes the influence of friction of transported material    vs. conveyor 

conduit. 

See Table 8 - for given material, fm = 0.4 

4.10. Computation of traction force T 

T = 9.81 
(P.f r + P1 .fm ) .Fs  .Fv  

𝑁𝑢𝑚𝑏𝑒𝑟  𝑜𝑓  𝑐ℎ𝑎𝑖𝑛𝑠
   N 

 

𝑇 = 9.81 
 190 x 0.3 +  796 x 0.4  1.728 x 0.9 

1
 

 

T = 5730N  (Number of chains 1) 

4.11. Computation of necessary shaft power N 

N = 
𝑇 𝑣

1000
 

    = 
5730𝑥  0.22

1000
 

    = 1.26 kW 

4.12. Specific pressure on chain joints pt 

Pt = 
𝑻

𝒇
 

     = 
𝟓𝟕𝟑𝟎

𝟒𝟔𝟖
 

pt=12.24MPa< 25 MPa(see Table 6) 

f = 468 mm2according to the chain catalogue. 

Computed specific pressure is lower than maximum permissible pressure listed in Table 6. 

The selected chain fulfils requirements. 

 

Selection of a conveyor chain 

4.13. Sprockets 

The design and actual condition of the sprocket influences the chain operating life the most. Generally 

speaking, the following recommendations should be followed: 

a) Sprockets of the biggest possible diameter should be employed to lower the pressure on chain  

       b) Driving wheels should be located at conveyor end, especially with complicated conveyor designs (e.g. 

conveyors that include fermentation or dry-up compartments). 
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      c) If the conveyor employs two or more interconnected chains, their driving sprockets must not be 

interlocked. 

The following formula can be used to determine the pitch. outer and root diameters of a sprocket: 

Dp=  
𝑝

 sin
180

𝑧

   

     = 
125

 sin
180

11

 

= 443.68 mm  

= 0.444 m  

De = Dp + (0.6875) D (mm) 

     = 443.68 + 0.6875 x 250      

= 620 mm 

Di = Dp - D (mm) 

     = 443.68 – 250 

     = 195 mm 

Where: 

Dp = pitch diameter (mm)        p = chain pitch 

(mm) 

De = outer diameter (mm)       Z = number of 

teeth 

Di = root diameter (mm)         D = diameter of 

chain roller (mm) 

 

V. SOFTWARE USED FOR MODELING AND ANALYSIS  

 

5.1 Catia V5 R20 

CATIA V5 provides three basic platforms: P1, P2 and P3. P1 is for small and medium sized process 

oriented companies that wish to grow toward the large scale digitized product Definition. P2 is for the 

advanced design engineering companies that require product, process and resource modeling. P3 is for the 

high-end design application and is basically for Aerospace Industry, where high quality surfacing or class-A 

surfacing is used for designing. A good feature is that any change made to the external data is notified to user 

and the model can be updated quickly. A workbench is defined as a specified environment consisting of a set 

of tool, which allows the user to specific design tasks in a particular area. 

5.1.1 Part design workbench 

The part design workbench is a parametric and feature-based environment, in which user can create 

solid models. The requirement for this is a sketch. The sketch for the feature is drawn in the sketcher button 

from the sketcher toolbar. User can draw the sketch using the tools in this worktable. While drawing a sketch, 

various applicable constraints manually. 

5.1.2 Wire frame and Surface Design workbench 

The wire frame and surface design workbench is also a parametric and feature based Environment, in 

which user can create wire frame or surface models .The only difference is that the tools in the environment 

are used to create basic and advanced surfaces. Users are also provided the required shape. 

5.1.3 Assembly design workbench 

 The Assembly Design workbench is used to assemble the components using the assembly constraints 

available in this workbench.       
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5.1.4 Drafting Workbench  

The drafting workbench is used for the documentation of the parts or assemblies created earlier in the 

form of drawing views and their detailing. There are two types of drafting techniques: 

1. Generative drafting 

2. Interactive drafting 

The generative drafting  technique is used to automatically generate the drawing views of the parts and 

assemblies, the parametric dimensions added to the component in the part of design workbench during its 

creation can also be generated and display automatically in the drawing views. The generative drafting is bi-

directionally associative in nature. User can also generate the bill of material (BOM) and balloons in the 

drawing views in interactive drafting ,user needs to create the drawing views by sketching them using the 

normal sketching tools and then adding the dimensions. 

5.2 Ansys 14.0 

Ansys is user friendly finite element analysis software which can also use for modeling and meshing 

varies kind of analysis can carried out in Ansys. ANYAS 14.0 include the following  new enhancement  that 

improves the  solution procedure and features high performance computing due to shared memory  parallel 

capability in Ansys distributed Ansys  now run on windows 32- and 64-bit systems PCG Lanczos  method 

provides a robust and efficient option for large modal analyses.  

5.2.1 Different Types of Element 

Element 

As the geometry of the structure modal has been established the grid points are connected by finite 

element, each element has its own characteristics. The different element is described below: 

5.2.2 Line Element (1D Element) 

Line elements are also called one-dimensional elements, are used to represent rod and beam behavior. 

An one-dimensional element is one in which the properties of the element are defined alone a line or curve. 

Typical applications for the one-dimensional element include truss structure, beam, stiffeners and many 

others. A rod element support tension, compression and axial tension, but not bending. A beam element 

includes bending. 

5.2.3 Surface Element (2D Element) 

Surface elements, also called two-dimensional elements, are used to represent a structure whose 

thickness is small compared to its other dimensions. Surface elements can model plates, which are flat or 

shells, which have single curvature (Like a cylinder) or double curvature (Like a sphere). For grid points 

connected to plate elements, stiffness terms exist for five of the possible six degrees of freedom-the rotational 

DOF about the normal to the plate is “unconnected”. 

5.2.4 Solid Elements (3D Elements) 

Solid (Three-Dimensional) elements are used to represent the behavior of thick plates and solids. Solid 

elements connect only translational degrees of freedom, no rotational degrees of freedom are connected to 

solid elements. 
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5.2.5 Scalar Elements 

Scalar elements are referred to as zero dimensional elements, consists of the springs, masses and viscous 

dampers. All scalar elements are defined between two degrees of freedom and ground. Stiffness for scalar 

elements has to be defined.  

 

CONCLUSION 

The stress analysis was performed by FEM, and some methods were considered with the suppression of 

the increase in stress. The design proposal for the use of a centrally located hole in a link plate has a beneficial 

effect on weight saving and yields a negligible stress. The breaking load of the chain was used to determine 

the tensile force in chain. Based on the FEA results, it is observed that the optimal value of radius is between 

49.5 to 50 mm. Though this optimization seems insignificant on its own, it must be noted that in a typical 

industrial application, thousands of such links will be needed. 
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